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PREFACE TO THE FIRST RUSSIAN EDITION 


This course of mathematical analysis is a text-book for students 
of mechanico-mathematical and physico-mathematical faculties ofour 
universities (and to some extent of pedagogical institutes as well) ; 
it is intended as the main text-book in the study ofa science which 
appears in the curriculum under the heading of mathematical 
analysis and which deals with the theory of limits, infinite series and 
differential calculus with simple applications of these subjects. The 
necessity for such a text-book arose as most of the text-books on 
mathematical analysis published in this country have not fully satisfied 
the above requirements. ‘Text-books which by their briefness and 
simplicity of treatment are within the reach of the average student 
are usually either obsolete or of lower scientific level than is required 
for the training of specialized-mathematicians; other text-books 
which keep on the modern level are usually very bulky and their 
contents reach far beyond the scope of the current curriculum so 
that the average first and second years students are unable to benefit 
by them. It was therefore necessary to write a text-book whose 
contents would only include the strict requirements of the current 
curriculum and which would, at the same time, fully conform to the 
modern scientific standard. 

In attempting to make this text-book as brief as possible, Ihave 
selected the minimum necessary material and avoided all slackness in 
treatment. On the other hand, to help the student as far as possible, only 
the minimum detail is given throughout this course. I have notused 
words sparingly while trying to explain the line of argumentation. 
The relationship among various concepts, theorems, problems and 
theories, their importance and method of application in the applied 
fields and industry, as well as many other points of mathematical 
analysis are, in many cases dealt here more comprehensively and 
systematically than is usually done in other more extensive text-books. 
I have tried to make the student ready to appreciate the introduc- 
tion of new concepts and construction of new theories and make him 
accept them naturally and inevitably. I think that it has been only 
thus possible to maintain the continuity of interest of the studentand 
make him absorb the. subject in an informal manner. 


An experienced reader will probably find that the theory of 
limits has been discussed in its full detail in chapters II, Ili and IV. 
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This theory is traditionally presented to secondary school students on 
the XVIII century level ; university text-books mathematical analysis 
immediately give the modern treatment of the theory of limits with 
all the <’s and 8’s, and this is often preceded by a chapter devoted 
to the general theory of real numbers—a subject which does not, in fact, 
belong to analysis but to the theory of numbers and the theory 
ofsets.. As a result, the student thinks that the new ‘‘university”’ 
treatment of limiting processes has nothing in common with those 
limits which he hasknown at school. In the second place—and this 
iseven more important—this method can rob the student of elements 
of mathematical analysis as a live, dynamic and dialectic science 
which find their place in the history of scientific development and 
which have even today many of their practical applications. These 
undesirable effects which I had occasion to observe in many instances 
during my career as ateacher prompted meto use in this text a com- 
pletely new system for treating the theory of limits. Thissystem essen- 
tially involves the following. At first (chapter II) the theory of limits 
is mainly based on anelementary but not a completely formal basis, 
and concepts like “‘process’’ or‘‘moments’’ whichare not fully defined 
anywhere are systematically used. Only afterwards the necessity of 
formalisation has been emphasised, and the fundamental mathematical 
types of processes defined (chapter III). Then the attention of the 
student is drawn to the necessity of constructing a general theory of 
real numbers, and such a theory is, in fact, given in chaper IV. This 
method of treatment, which I had occasion to test three times in 
practice has the useful advantage that it creates in the mind of the 
student a gradual transition from the “‘school’’ theory of limits to its 
‘“‘university’ treatment, and all stages of this treatment, are fully 
explained. At the same time it enables him to create at the begin- 
ning and maintain throughout the course the basic concepts of 
mathematical analysis as a live and dynamic subject and concentrate 
on the formally logical refinements of this subject, which is its due. 


So far as the general theory of real numbers is concerned, I 
have found it necessary to convince the reader of its significance and 
quote one of the possible principles explaining the existence of 
imaginary numbers (the limit of a monotone bounded sequence). 
Only then I have enumerated the basic problems which the theory 
has to deal (order in a continuum, definitions and rules of algebraic 
methods) ; at this point I have also given few examples of their 
solution, indicating briefly that the theory of numbers can be applied 
quite satisfactorily to. these problems and that, in future, we shall 


iil 


deliberately use the results provided by this theory. The future 
mathematicians will be able to learn in other more detailed courses 
the fact that the theory of numbers can solve all these problems; this 
problem is hardly of any interest to the future mechanic, physicist, 
or astronomer. In any case, I do not consider it possible to 
attract the attention of a varied audience, either in my lectures or 
in this book, to the study of a large chapter the contents of which 
have no immediate connection with mathematical analysis. 


The further treatment of the subject follows, in its main out- 
lines, certain well defined methods. I am sorry to say that in editing 
the last three chapters (roultiple, curvilinear and surface integrals) 
my attempts to make the treatment absolutely formal and, at the 
same time, easily accessible did not meet with success, as far as I am 
able to judge. I could not avoid compromises by sacrificing either 
the formality or the briefness and accessibility of the arguments. If 
this course is received with favour, then it will undoubtedly be 
necessary to work further on these chapters in future editions. 


A few problems given in this course are valuable only as 
illustrations, but they are not intended as a method of instruction. 
The number and character of these problems correspond to what 
a lecturer can convey during his lectures. I had no intention of 
including the material for practical (group) lessons in this course of 
analysis. Obviously, anyone studying this book should simultan- 
eously use a good book for problems. For this purpose the recently 
published ‘‘Problem Book on Mathematical Analysis’ by B.P. 
Demidovich (Gostekhizdat, 1952) is particularly suitable. [Tor the 
convenience of certain classes of readers I have indicated in many 
paragraphs a few problems appearing in the above book which I 
especially recommend. I must, however, warn the reader that 
these problems are, in a majority of cases, insufficient for acquiring 
the necessary skill; a further choice of examples should be left to 
thc teacher-in-charge of practical classes. 


A competent reader will readily note that the order in which 
individual subjects are treated in this book is in no way compulsory 
and can be easily altered in many instances ; for example |) some 
geometrical applications of differential calculus (chapter XXIII) can 
be given (and are, in fact, usually given) much earlier, and 2) the 
integral test for convergence of series must not be postponed until 
the theory of generalised integrals is dealt with (chapter XXV); but 
it can be given with the treatment of series of constant signs (chapter 


XVIII, § 68). 
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It is my pleasant duty to express my sincere and deep gratitude 
to my colleagues of the Faculty of Mathematical Analysis at the 
Moscow, Leningrad and Kiev Universities for their valuable help 
given by reading the manuscript (or its individual chapters) and for 
their remarks and suggestions which have mostly led to significant 
improvement in the treatment of the subject. In this respect I am 
particularly grateful to Prof. LA. Tumarin (Moscow) and Prof. 
G.E. Shilov (Kiev). Finally, I want to thank the editor of my 
book, O.N. Golovin, for his competent and considerable work 
devoted to this book ; his many valuable suggestions have helped. 
considerably to improve its contents. 


Moscow, 
24 February, 1953. A. KHINCHIN 


PREFACE TO THE SECOND RUSSIAN EDITION 


The second edition of this book is mainly printed from blocks, 
and corrections of many individual mistakes and errors have been 
done by the author; in some cases attempts have been made to: 
improve the treatment of the subject. In this respect I have been 
greatly helped by a detailed criticism of this book sent to me by the 
Faculty of Mathematical Analysis at the Rostov University (under 
the chairmanship of Prof. F.D. Gakhov); I am deeply grateful to all 
the members of this Faculty. Iam also very thankful to Academi- 
cian A.N. Kolmogorov and Prof. A.D. Myshkis (Minsk) for pointing 
out some mistakes. 


The “Problem Book on Mathematical Analysis’? by B.P. 
Demidovich which has been frequently referred in this book has. 
appeared in its second edition in 1954 with a fundamental revision 
of the numbering of problems. In the present edition of this course 


the numbering of all recommended exercises refer to the first edition 
of this ‘‘Problem Book.” 


Moscow, 
19 December, 1954. A. KHINCHIN 
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CHAPTER I 
FUNCTIONS 


§ 1. Variables 


The introduction of the variable was a decisive step in 
mathematics. Thus movement and dialectics were introduced in 
mathematics. (F. Engels, Dialecties of Nature, Gospolizdat, 1948, 
p. 208.) 


Elementary mathematics—the mathematics of constants— 
revolves, as it were, within limits of formal logics; the 
mathematics of variables, which is chiefly concerned with. 
infinitely small quantities, essentially involves the application 
of dialectics to mathematical relationships. (F. Engels, Anti- 

During, Gospolizdat,, 1948, p. 127.) 

When we observe a natural phenomenon or the course of a 
technical process we can usually note the different behaviour of 
quantities involved in this phenomenon or process. Some quantities 
do not change in the course of the process, 7z.e. they remain “‘constant’’, 
while others are subjected to greater or lesser change—they become 
greater or smaller—z.e. they are “‘variable’. If we heat a gas con- 
fined in aclosed vessel its volume remains constant ; the number of 
molecules of the gas also remains constant ; on the other hand the tempe- 
rature of the gas, and its pressure will grow and become increasingly 
greater. The picture becomes even more varied if instead of considering 
this simple laboratory experiment we consider a complicated techni- 
cal process. Let usconsider, forexample, the flight of an aeroplane. 
Many different quantities are involved in this phenomenon. Some 
of these remain constant throughout the flight ; e.g. the number of 
passengers, the weight of their luggage, the span of the wings of the 
aeroplane, and: many others. However, this process also involves 
many other quantities which alter during the process by becoming 
greater orsmaller. Such are, forexample, the distance of the aeroplane 
from the point of departure and from its destination, its height above 
_the earth, the supply of fuel, the temperature, pressure and humidity 
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of the surrounding air, and many others. The abovesummary shows 
that these variable quantities are most important in economical and 
technical calculations connected with this process. This can readily 
be understood. Nature involves continuous changes and the practical 
life of man is directed towards changing his surroundings. For this 
reason processes in which nothing, or almost nothing, changes have 
little to offer scientifically and are of no practical interest. According 
to the dialectic principles of nature study, we should study not somuch 
the instantaneous aspect of phenomena but their changes in time ; 
from the dialectic point of view we are not so much interested in the 
given aspect of a phenomenon but in the general course of the pheno- 
menon, 7.e. we are interested how and what changes if this phono- 
menon took place from time to time. Mathematics, in as far as it is 
a real tool in nature study, should be able to provide an apparatus 
which would enable one to study systematically any changes in 
quantities which take place in nature and in technical processes. 


Mathematical analysis is such an apparatus and, in the widest 
sense of the word, can be called the mathematical science ofvariables. 


Hence the first basic concept in mathematical analysis is the 
variable quantity or, as it is usually said in mathematics, the concept 
of the variable. By this we niean quantities which acquire varying 
values; either greater or smaller, in the course of the given’ process ; 
at different stages of a given process the values of this quantity are, 
generally speaking, different. Without going into further details we 
know from everyday experience that the character and manner in 
which quantities change can follow a very diverse course ; some 
quantities increase continuously; other quantities, on the other hand, 
decrease continuously; still others change in a vibrating manner 
by first growing and then diminishing (the distance of the Earth from 
the Sun, the deflection of a pendulum from the vertical position) ; if 
we assume that the given quantity grows continuously, it can do so 
either very rapidly or very slowly, z.e., the pace of its growth can become 
quicker or slower. Mathematical analysis in its widest sense en- 
ables us to study systematically these and other characteristic changes 
of quantities in our surroundings; it introduces a definite pattern 
into the enormous number of various types of changes and finds 
common laws which govern changes of various types. 


In mathematics every quantity involved in-a phenomenon, 
irrespective of whether it is a constant or a variable, is usually denoted 
by a single letter. Thus, for example, if a quantity is denoted by the 
letter x or by the letter a, then this fact by itself gives no indication as 
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to whether this quantity is a constant or a variable ; therefore the 
‘way in which this quantity changes must be stressed separately. 
Furthermore it is very important to keep in mind the fact that without 
the knowledge of the process (phenomenon) in hand, we cannot, gener- 
ally speaking, know whether this or another quantity is a constant or 
a variable. The same quantity can be a constant in one process and 
a variable in another process ; thus, for example, if we rotate a circle 
of radius r about a straight line without changing its radius (first 
process) then the area of this circle mr? will be constant ; if, however, 
we keep the centre of the circle stationary and increase its radius 
(second process), then the area of the circle will grow, i.e. it will be 
a variable. 


In mathematical analysis the well-known geometrical represen- 
tation of numbers by points on a straight line (the so-called ‘‘number 
jine’’) is widely used. Ifwe denote the origin by O anda unit of length 
on the straight line, then we can represent an arbitrary number « by 
a point at a distance | «| *from the point O) ina direction which 
depends on the sign of the number « (generally, if the number line is 
horizontal, positive numbers are plotted to the right and negative 
numbers to the left of the point O). Every value of * is a number 
and can be represented by a point on the number line. If in the 
given process the value of x is constant then this value is denoted by 
one and the same point on the number line during the whole process, 
We can therefore say that a constant is represented by a stationary 
point on the number line. If, however, the value of # varies during 
the given process, then its values at different stages of the process are 
represented by different points on the number line; in the course of 
the process the point denoting the value of # changes its position and 
we can therefore say that a variable is denoted by a mobile point on 
the number line. 


§ 2. Functions 


Quantities involved in the same phenomenon do not, as a rule, 
change independently of each other; usually these quantities are also 
more or less closely related to one another so that changes in one of 
these quantities involve corresponding changes in the other quantities. 
Thus, by increasing the radius of a circle we inevitably also increase 
its area; by compressing a gas confined in a vessel (?.e. by decreasing 
the volume occupied by the gas) we also (by keeping the temperature 
constant) inevitably increase the pressure of the gas; by adding 


*) The symbol | x | denotes the “absolute value of the number x.” 
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manure to the soil we hope to increase the yield of the harvest, etc. 
We can see from the above examples that quantities involved in the 
same phenomenon can bear to one another a more or less close re- 
lationship. This relationship is closest in the first example; by knowing 
the radius 7 of the circle we can determine its area s uniquely and 
with absolute accuracy according to the formula s == zr®. In the 
second example the picture is somewhat different; by knowing the 
volume ¥ occupied by the gas and its absolute temperature 7’ we are 
able to determine uniquely its pressure f according to the well-known 


formula : 
Be tine tat eons cT 


v is 29 

where ¢ is'a constant known from: physics; however this formula is 
only accurate with certain (in some cases rather rough) approxima- 
tions and for more accurate calculations it. is necessary to usé more 
complicated formulae which show that when determining the pres- 
sure .of the gas under real conditions it is insufficient to know its 
temperature and volume alone, but it is also necessary to take some 
other quantities into account. This point is even better illustrated in 
our last example ; although it is true to say that the quantity of 
manure. has an undisputed effect on the yield of the harvest it is 
nevertheless clear that from the knowledge of the quantity of manure 
used we are unable to forecast the yield of the harvest with any accu- 
racy, for the yield of the harvest, apart from the quantity of manure 
‘used, also depends on a series of other factors (for example on meteoro- 
logical and:agrotechnical factors of different kinds). 


It ‘is evident that mathematical analysis is mainly concerned 
with’ accurate relationships existing between quantities, i.e. from the 
knowledge of one: group’ of quantities we are able to determine 
uniquely and accurately the values of a certain other group of quanti- 
ties Consider, for example, the accurate relationship existing in the 
above formulae | 
* he me SOE 
2 p i a > 
where ¢ is a known constant. The value of the radius r of the circle 
is unique and defines accurately its areas. If we know the quantities 
fT and v then the second ofthe above formulae enables us to deter- 
mine quite accurately the corresponding value of p. In the first 
case the value of s depends only on one quantity'r; each value of r 
corresponds to a definite value of s and every phonies in the value of 
r involves’ a corresponding change in the value of s. The second 
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example is more complicated ; in order to find the value of p it is not 
enough to know the value of 7 or the value of v alone; the value of p 
depends on the values of two quantities—T and v; we must know 
both values if we are to determine the value of in accordance with 
our formula; to each pair of values v and 7’ corresponds one value’ of 
p and changes in the value of depend on changes in the values of 
both @ and ov; as far as values of v and 7 are concerned changes in 
either cof them are independent of one another and can take place in 
any way we like. In the physical sense this means that the given mass 
of gas can be confined in an arbitrary (within certain limits) volume 
v and can be heated to an arbitrary (within certain limits) tempera- 
ture 7, But as soon as we have chosen the values of v and 7’ the 
pressure of the given mass of gas no longer remains arbitrary but is 
defined uniquely and quite accurately by our formula (we are, of 
course, omitting the fact that the formula itself requires corrections 
for real gases). 

The above examples are particular cases of the following gener: al 
scheme. A quantity » involved in a certain process depends on the 
quantities x1, x 29, ...*z, which are also involved in the same process ; 
this dependence is aes that toeach set of values x1, x9, ..., x, corres- 
ponds a single value of the quantity y; at the same “me the values 
of ¥1, X9) .--, ¥% are independent of one another, i.e. by assuming the 
values of some of these quantities we can select the values of the 
remaining quantities quite arbitrarily (usually within certain set 
limits). ‘This type of dependence of the value of y on the values of 
X41, Xo, -++) Xp is known as functional dependence and »y is said to be the 
function of 1, Xo) +++) %k3 % 4) Xo) +++, X% are, in this case, said to be 
independent variables. Hence in the above examples the value of s is a 
function of one independent variable r*) and the value of p is a 
function of two independent variables 7’ and v. ‘To begin with we 
shall concentrate on the simplest case when k = I, 7.e. when » is a 
function of a single independent variable x. 


The fact that y isa function of the independent variable x 1s 
usually denoted as follows :_y = f (x), ory = « (x), or y = A (x), ete. 
The letter in front of the bracket indicates the functional dependence 
of yonx andcan be selected arbitrarily—the meaning of this notation 
thereby remains unchanged. Thus the fact that the area of a circle 
is ea oe determined by its radius can be written down in the form 
s = f(r), ors =5(r), ors = A(r), etc. Similarly the fact that y is a 


*) Frequently instead of using the words “of one” or “of two” it is simply 


said ‘‘one’’ or “‘two’’, etc. 
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function of several independent variables x1, *2,... *% ean be written. 
in the form of the relationship y = f (x1, %9, ..., *%). ory =y (*1, 
Xo, ose) Xp), OF y = F (xy, %q,..-5 Xe), etc. Thus the fact that the 


pressure p of the given mass of gas is defined uniquely by the values. 
of its volume v and absolute temperature 7’ canbe written in the form 
p=flv, T), orp =p (v, T), or p.= F(v, T), etc. Hence the letter 
chosen to denote the functional dependence does not tell us anything 
about the nature of this dependence; the relationship » = / (x) can,. 
in different cases, mean that y = 3 x*, or y = log x, or y = sin x, 
etc. To avoid errors it is only important to see that in the same 
argument one and the same letter does not symbolise different types. 
of functional dependence. Thus if in a certain*process y = x? and 
Z = «3, then we cannot, of course, write y = f(x) and z = f (x).. 


On the other hand, in some cases one and the same letter is used 
to denote a certain quantity and atype of its functional dependence 
on other quantities [s = s (r) and y = y (xj, ..., *,%) in the above 
examples]. 


The dialectic method of nature study and the study of technical 
processes requires that the quantities involved which ehange during 
the process should not be studied separately, irrespectively of each 
other, but should be studied in the same interdependence in whick. 
they stand to one another inreality. ‘The mathematical interdepend- 
ence of real numbers is, in the simpler cases, expressed by the concept 
of functional dependence. It is therefore clear that if the first basic 
concept of mathematical analysis is the concept of the variable, as we 
saw in §1, then the second concept in the development of the science 
of variable quantities is the concept of the function. Furthermore 
the necessity of considering continually variable quantities and their 
interdependence, both from the scientific and the practical points of 
_view, has made the concept of the function the main object of study 
in mathematical analysis so that it is quite correct to call this science: 
the general theory of functions. 


§ 3. The region of definition of a function 


We agreed to call y a function of x if, by assuming the value of 
“, the value ot 7 is thereby defined uniquely. At the same time it is 
not necessary that y should be defined for every value of x; the real 
meaning of the values x and y and the problem in hand determine in 
every case the values of x which have to be considered. ‘Thus, for 
example, if y denotes the area of a regular x-sided polygon inscribed 
in a circle of unit radius, then evidently y is a function of x; but 
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from the nature of this problem it is obvious that we are only interes- 
ted in those values of x which are integers, e.g. 3, 4, 5,..., Similarly 
n\is a function of n but, by its nature, it becomes devoid of meaning 
for all numbers other than the integers n > 0. Thefunction y = log x 
is usually only defined for positive values of x. 


If the absolute temperature Z' of a certain body, given in 
degrees Centigrade, is the independent variable in a given problem, 
then, in all probability, we shall not be interested in temperatures 
below—273. On the other hand the functions y = x? or y = sin x, 
which are given in purely mathematical form, can be defined for all 
values of x and in practice one meets many such problems which can 
only be solved if we know how to determine the value of the function 
for every value of w. 


The above examples show clearly that the set of values of the 
independent variable x for which it is logical and necessary to deter- 
mine the corresponding values of the function » depends entirely on 
the nature of the problem in hand. In the choice of this set we are 
usually guided by mathematical, or sometimes practical, considera- 
tions. In any case whenever we deal with an arbitrary function 
y =f (x) we must keep clearly in mind the set M of those values of 
the independent variable x for which this function is defined and in 
cases where there is the slightest doubt it is necessary to mention 
clearly the appropriate set ; for values of x which do not belong to 
this set the function y is devoid of meaning and is considered to be 
an undefined function. Therefore the set M is said to be the region 
of definition of the given function. 


In view of this it is clear that the set Af should be mentioned 
in the definition of a function : 


The quantity y ts said to be a function of the quantity x defined by the 
sei M if to every value of x which belongs to the set M there corresponds a 
definite value of y. 
$4, Functions and Formulae 


Whenever an arbitrary definite function is given in matliemati- 
cal form it is necessary to define the relationship which defines the 
corresponding value of » for every value of x belonging to the set M. 
The means of establishing this relationship are, of course, very impor- 
tant from the practical point of view; however, in principle this is 
only a technical problem of secondary importance. The most 
convenient method of defining the function y = f(x) is, of course a 
definition which states clearly the algebraic operations over « and the 


AD 
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order in which they are to be performed so as to obtain the corres- 
ponding values of »; typical examples of this type of definition are 


] : 
simple formulae of the type y = 3x*, y = Ta at Cte, with the aid 


of which it is easy to calculate the values of y for every value of x; a 
similar case is provided by the formula 


Wi Ssh 


which defines the values of the function 7! for all positive integral 
values of the number n. 


However, it is not always possible to define a function in this 
simple form; and even when this is possible it is not always the most 
convenient way from a practical point of view. Even such elemen- 
tary functions as log x, sin x, cos x, etc., are given by formulae which 
do not give a simple answer to the question of how to find the corres- 
ponding value of the function from the given value of x. For exam- 
ple, the function y = sin x is usually defined by the well-known geome- 
trical representation; the latter convinces us of the existence of a 
unique, and fully defined function sin x, but it does not give us an imme- 
diate method for finding the values of this function. It is therefore 
necessary to solve this problem by a special method; the fact that the 
solution of this problem is not simple is obvious from the wide use of 
tables for functions like sin x, cos x, log x, etc.: in these tables the 
results of calculations of this or other functions for different values 
of x are given; these results, having once been obtained with 
considerable effort, are published in the form of tables in order to 
save scientists and practical workers the unnecessary repetition of 
calculations. 


Below we give a few good examples for defining functions. 


Example 1. Let » denote the greatest integer which does not 
exceed the number x; it is obvious that the value of » will thus be 
defined uniquely for every value of x, 2.e. it is defined as a function 
of x. This function is usually denoted by the symbol [x] so that, for 
example 


[2.5]=2, []=5, [l=3, [-r]=—4 


etc. The function y = [x] is of great importance in the theory of 
numbers and in other branches of mathematics. We can see that it 
can be defined very simply, but it contains no formulae to indicate 
the sequence of operations which have to be performed in order to 
arrive from the given value of x to the corresponding value of y = [x]. 
By the way, it is also possible to express the function y == [x] in terms 
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-of x by means of a “formula”’, z.e. by means of a series of symbols 
used in elementary mathematics ; however, such a formula would, as 
a rule, not facilitate in any way the investigation of the function [x] 
and it is therefore more natural to use its definition without a 
formula. 


The quantity x — [x] is said to be a fractional part of the number 
x and is rather important in the theory of numbers; it is evident 
that this is a periodical function with a unit period, so that we have 


O<«e— [x] <1. 


Example 2. (“‘Dirichlet’s function”). Assume that D (x) = J 
when x is a rational number (7 e. an integer ora fraction) and D (x) = 0 
when & is an irrational number (for example x = 1/2 or x = 7). 
Thefunction D (x) is defined for all values of x (its region of defintion 
is the whole number line). We can see that its definition is very sim- 
ple. In order to find the value of D (x) from the given value of x it 
is only necessary to establish by any arbitrary method whether « isa 
rational or irrational number; no general method can be given for 
this purpose—the solution of this problem depends on the way in 
which x is given; numbers x exist in mathematics which can be 
- accurately defined but which have so far not been defined as rational 
or irrational numbers; this means that certain values of the function 
D (x) cannot be evaluated mathematically, but in spite of this the 
. above definition of the function D (x) is quite valid. A “formula”? 
-can also be written for the function D (x), 2.e. 1t is possible to express 
it in terms of mathematical symbols in general use. However, such 
.a formula has no practical value since the main properties of Dirich- 
let’s function can usually be deduced much more easily from the 
‘‘formulaless” definition given above, whereas with the aid of a for- 
mula they cannot be deduced at all or can only be deduced with 
great difficulty. 


The above examples clearly indicate the part played by a for- 
mula in analytical expression and in the definition of functional 
dependence. A formula, when it is simple and convenient for calcu- 
lations and investigations, can be an invaluable tool in the study and 
practical application of the given function. However, in cases where 
a formula cannot be found or where an existing formula is compli- 
- cated and gives little information, there is no good reason for making 
.a formula the focal point in the study of a function; in many cases 
‘“‘formulaless”? investigations are simpler and more productive. 


For a long time (during the whole of the XVIII and the begin- 
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ning of the XIX centuries) the concept of the function was closely 
linked with a definite analytical expression which, from a useful 
method in the study of functions, became its exclusive master. ‘This 
tendency, which is purely formal in character (for the form is the- 
analytical] expression and through it the real laws of functional 
dependence were dictated) was obstinately maintained for many 
centuries and even today it is not quite obsolete, especially in the.- 
applied sciences. A change in outlook, as described in §3, took 
place when the definition of the concept of functional dependence | 
became divorced from outside influences; this happened in the 
middle of the XIX century and is connected with the name of the 
German mathematician Dirichlet. However, several years before - 
Dirichlet the Russian scientist N. I. Lobachevskij proposed this: 
definition with great clarity. *) In order to distinguish between the - 
formal and the other approach to the definition of the concept of a 
function and to clarify it still further we give below one more - 
example. 

Example 3. Let us assume that 

—l[—x? (x <0), 
: as (x = 0 (x = 0), 
1+." (x > 0). 

This means that for negative - 
values of « we must calculate y by 
the formula »y = — 1 — 2°, and for - 
positive values of x—by the formula 
y=1+x?; when «Owe have y = 0. 
It follows from our definition that we - 
evidently have here a single function . 
which is defined for all values of x (its . 
region of definition is the whole num- 
ber line). The graphical representa- 
tion of this function is given in Fig. 1. 


Fig. 1, 


During different stages of the process our function is evaluated ' 
with the aid of different formulae; this circumstance has no special 
significance from the point of view of the definition of our function; 
it does not alter the fact that irrespective of the value of x there is 
only one definite corresponding value of; this is sufficient to con- 
vince us that we are dealing with a single definite function. The- 


*) Several years earlier the same idea occurred to the Czechoslovakian - 
mathematician Bolzano. 
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formal point of view, however, connects every function with a definite: 
analytical expression and one would therefore be tempted to say that 
y is expressed by “‘different functions” during different stages of the 
process. 


The history of the development of functions and the practical 
applications of this science have proved without doubt the advantages 
of the former point of view which has liberated the concept of the 
function from the burden of a formula as compared to the formal 
concept which attempts to subject the function to a definite outward. 
form of expression. 


Apart from general methodical and logical points of view,. 
this advantage is further based on the fact that functions similar to 
the function just defined (7.e. a function which can be expressed by 
different formulae during different stages in the process of change of 
the independent variable) occur quite often in nature and technical 
problems (particularly in physics, chemistry, thermodynamics, etc.).. 


§ 5. The geometrical representation of functions 


The basic principles in the geometrical representation of 
functions (the construction of graphs) are studied in secondary schools 
and we shall here only make a few short remarks in connection with 
this problem. 


By the graph of the given function f(x), we understand a 
geometric set of points in a plane, the rectangular co-ordinates x and 
y of which are connected by the relationship y = f(x). If the function: 
f (x) is not unduly complicated then its graph usually represents a. 
more or less straight line in the plane. The fact that each value of x 
(within the region of definition of the given function) corresponds to: 
a unique value of y = f(x) can be illustrated very simply by geome-: 
trical means: every straight line which is parallel to the OY-axis 
intersects the graph of the function f(x) only at one point. Other 
curves which do not possess this property cannot, generally speaking, 
serve as the graph of any function of the variable x; on the other 
hand, every curve possessing this property is, evidently, the graph of 
a function, for every unique dependence of y on x does, according: 
to the definition of the concept of a function, represent a certain. 
functional dependence. 


The geometrical representation of functions is very important 
in their study and is therefore a very useful tool in mathematical. 
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analysis and its applications. From the graph of a function we are 
frequently able to see directly certain characteristics which could 
otherwise only be revealed by means of lengthy and complicated 
calculations—by studying the analytical expression or the compiled 
tables for the given function. ’ 


Fig. 2 thus shows that the function f(x) it represents grows 
“(when x increases) along the sections a, a3 and a,as and decreases 
along the sections a, a, and a3 44,; to obtain more detailed informa- 
‘tion, for example, about the way in which the function decreases 
along the section a, @, we cansee directly from the graph that at the 
beginning (near x = a,) the decrease takes place slowly, but later on 
it goes rapidly (the steep descent); the function decreases even more 
rapidly along the section a3 a,; while the increase of this function 
is rapid along a@,a3 and much slower along the section a, a5. 
‘Within the region under investigation this function reaches its 
‘maximum value at the point x = a3, and its minimum value at the 
point x = a,. We cansee clearly from the graph where the function 
1S positive and where it is negative, etc. All this information about 
the function could only be obtained with much greater difficulty if 


instead of the graph we had used tables or the analytical expressions 
‘of this function. 


x 


Fig. 2. 


The close relationship created by the geometrical representation 
of the function between the objects of analysis under investigation 
(functions) and the geometrical objects (curves) enables one not only to 
use visual representation in the study of the properties of this or 
other function but, conversely, to use the numerous methods of mathe- 
matical analysis for the study of the geometrical properties of this or 
other curve and, moreover, a series of general geometrical propositions 
can be established in this way. In future we shall meet many ex- 
amples of this kind. The connection between analysis and geometry, 
the first step in which is the principle of geometrical representation of 
functions, is thus most useful for both mathematical sciences. 
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§ 6. Elementary functions 


In the historical development of the science of functional depen- 
dence a small group of functions was isolated from the endless. 
variety of different types ; these functions occurred frequently in. 
various problems and thus came to be subjected to detailed study. 
These functions are the so-called elementary functions. Further stu-- 
dies in the development of analysis acquainted scientists with many 
other more complicated functions which required just as much. 
attention ; nevertheless even today elementary functions are the basis 
in the many applications of analysis ; moreover, in the study of other 
more complicated functional dependencies we do, as a rule, use the- 
well-known properties of this classical group of elementary functions. 
This group basically coincides with the set of functions which are- 
usually studied in secondary schools ; therefore there is no need for. 
us to consider the properties of elementary functions here in greater - 
detail ; we shall simply enumerate them and make a few remarks in. 
each case. Some special characteristics of these functions are con- 
sidered later (§ 24). Elementary functions cannot be isolated as a 
group by any particular property and, as we have already said above, . 
this small group of functions came to be isolated in the historical 
development of this science as a natural basis in the study of other 
more complicated functional dependencies both for the purpose of 
analysis and for its applications. 


1. Polynomials. The,simplest form of functional dependence 
is provided by an arbitrary polynomial 


pS ag dg * ae he ae Ogee ae Oa, 


where x is the independent variable, n is an arbitrary natural’ 
numberand d 9, @})---) @n are constants (the ‘‘coefficients”’ of the poly- 
nomial). To obtain the values of y for the given value of x we must 
perform over x and over the constants a series of arithmetical opera- 
tions (additions, subtractions, multiplications and raising to integral 
positive powers). Conversely, the result of a series of such operations 
over x and arbitrary constants can be represented by a polynomial. 
Therefore polynomials are also known by the name of rational integral 
functions; they are known as integral because the operations we 
enumerated above do not include division, and rational because these 
operations do not include the extraction of roots. Polynomials are 
the simplest example of functional dependence, because they’ can be - 
evaluated with the aid of the simplest :arithmetical operations; there- 
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fore in the study of more complicated functions attempts are often 
made to represent them, if only approximately, by polynomials ; we 
shall deal with this aspect in greater detail later. 


2. Rational functions. If division is added to the arithmetical 
operations performed over x and the constants which we discussed 
above, then we obtain as a result an arbitrary rational (generally not an 
integral) function of x. As an example consider the functions 

] 1 x? +] 
ae ae PST $x? ame era 


etc. It can be proved by elementary algebra that every rational 
function can be represented as a relationship of two polynomials, 7.¢. 
in the form 

_ Px) 

PES Gy (1) 
where P (x) and Q (x) are polynomials. Rational functions, like 
polynomials, can easily be evaluated for every value of the inde- 
pendent variable x except for those values of x for which Q (x)=0 in 
formula (1) ; for these latter values of x the rational function, as given 
by formula (1), remains indefinite ; these values correspond to values 
of x which lie outside the ‘‘region of definition” of the function » 
in accordance with the definition of a region given in $3 ; thus if y is 
given by the formula 

1 


1 — x? 


NS aes ’ 
then its region of definition will be the whole number line with the 
exception of the points x=Il and « = — I. 


3. General power functions. By this name the following. 
function is known 
y= Hx, 
where « is anarbitraryconstant. Thenature of this function obviously 
depends on the arithmetical nature of «. If « is an integer then y 
isa rational function (it is inetgral when « >0). Whencisarational 


fraction, ¢ g. « = p/g (where and g are integers and we can always 
assume that g > 0) then 


pt == 

wt = x 9 = d/yp 
is an trrattonal algebraic function of x (for the operations performed 
-over % include the extraction of a root of an arbitrary degree q). 
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The values of this function can no longer be evaluated as simply as 
those of a rational function. ‘This is even more true in the case when 


« is an irrational number (7.e. for example the function y = x? or 
y = xT); strictly speaking we do not know how to determine such 
functions ; we shall return to this question in §§17 and 24. 


The region of definition of the function given by the formula 
y = x“ depends on the nature of the number a. If « is a positive 
integer then the whole number line serves as its region of definition; 
but when « is a negative integer or zero, i.e. @ < 0, the point x = 0 
must be excluded from this line. Ifo = 1/g¢, where q is a positive 
integer, then the function will be determined for all values of x 
when g is odd, and only for x > 0, when qg iseven. The reader will 
be able to determine for himself the region of definition of the 
function «* when « = f/q, where p and g are integers. In cases where 
«@ is irrational, its region of definition is the semi-straight line + > 0, 
as we shall learn in § 17. 


4. Exponential functions. By this name the following function 
is known 


=, zr 
pea; 


where a is a constant positive number. We shall learn in $17 that 
the whole number line serves as the region of definition of this 
function. We shall learn later some other important properties of 
this function. The value of» for the, given value of x cannot, in this 
.case, be obtained by means of any known finite sequence of opera- 
tions (with the exception of the trivial case when a = 1); the func- 
tion a* is not an algebraic function but a transcendental function *). 


*) Strictly speaking the problem is as follows : If the function y = f (x) of the 
jndependent variable x is obtained after performing a finite number of algebraic 
operations, as proved in algebra, then a polynomial P (x, y) of two variables exists 
so that, identically (i.e. for any x) P [x, f (x)] = 0. The converse proposition is not 
true; it may happen that the polynomial P does exist, but the function f(x) cannot 
be expressed in terms of x by means of a finite number of algebraic opcrations. 
It is customary to call the function f(x) an algebraic function if a polynomial P 
‘exists for this function which possesses the properties mentioned above. Hence the 
.class of algebraic function 1s wider than the class of functions which can be 
.expressed in terms of a finite number of algebraic operations. Every non- 
-algebraic function is known as a transcendental function. ‘The functions a*, log , x 
(for every a > 0, a 5€ 1), sin x, cos x, arc sin x, arc cos x, ctc. are examples of trans~ 


ccndental functions. 
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5. Logarithmic functions. ‘The function 
Jy = logax, 

where a is a constant positive number other than unity, is defined as 
the inverse of the exponential function. This means that it follows 
from y = loggx that x = a¥. To be more exact this means that for 
every x > 0, a single number y exists which satisfies the relationship 
a’ = x; this number » is known as the logarithm of x of the base (or 
to the base) a and is denotedas log,x. Like the exponential function. 
the logarithmic function is also a transcendental function ; apart from 
its great theoretical importance it is also very important in calcula- 
tions; its significance is mainly due to the basic property of this. 
function: log, («8) = log,“ + log,8. The region of definition of 
a logarithmic function of any base is the semi-straight line x > 0. 


6. Simpler trigonometrical functions. ‘These functions are the. 
following functions which are well-known from the school course of 
trigonometry. 

Sensine y) = Cos x, y = tanx, 


y = cotx, y = secx, y = cosec x. 


The chief property of these functions is their periodicity; tan x and. 
cot x have a period x and the remaining four functions a period 27. 
The whole number line serves as the region of definition of the func- 
tions sin x and cos x; the functions tan x and sec x are defined ae 
where except at points of the type 


y-(0+4)> 


and the functions cot % and cosec x—everywhere except at points of the 


type 
yokn, 


where & in both cases denotes an arbitrary integer. 


7. Inverse trigonometrical functions. Generally speaking, the 
function « (x) is said to be the inverse of the given function f(x) iff 
it follows from y = « (x) that x = f(y). We have seen already 
that the function log,« is the inverse of the function a*. In this. 
case the inverse function is unique. However it is quite possible- 
for a given function to have several inverse functions; thus the func- 
tion x? evidently has the following inverse functions: -++ 4/ x and’ 
— x, for it follows equally from y = + +/x andfrom y = — Vx: 
that x = y*. It is a well-known fact that each one of the simpler: 
trigonometrical functions has an infinite number of inverse functions ;: 
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these functions are known as inverse trigonometrical functions. Let us 
consider, for example, the family of functions inverse to the sine. 
If « is an arbitrary number confined between — | and + 1], then an 
infinite number of values of « exists for which sin « = »; in particular 
one such value of x can be found between — 7/2 and + 7/2; it is 
denoted by sin! a, so that 


714 , < i aad 
—-— <sinta< = sin (sin? «) = «; 


2 
it is obvious that the function sin-! x is the inverse of the function 
sin x; sin7* « is one of the angles whose sine is equal to «; but in such 
cases, as we know from trigonometry, the general form of an arc, the 
sine of which is equal to «, is as follows: 


(— 1)* sin-ta + ka, 
where & is an arbitrary integer. Hence each one of the functions 
(— 1)Fsin-t x + kx, 
where £ is an arbitrary integer, is a function inverse to the function 
sinx. The region of definition of all these functions is the line 


— 1<x* <1. Functions which are the inverse of other simple 
trigonometrical functions are analysed and defined in a similar way. 


The functions considered in sections 1 to 7 include all the simple 
elementary functions. Other elementary functions are obtained 
from the simple functions either by means of algebraic operations 


! : 
E oa Tone J)= 2 (cos x — 2 sin x) |, 


| 


or by “superimposition” of functional operations 
a 
, = logcosx, y= tan(1 + ve | 


which means that a certain function of the independent variable is 
first taken, and then another function of this function is taken, etc. 
As a result of any number of operations of this kind, performed in 
any order in which the simple elementary functions serve as a basis, 
all elementary functions are obtained. We have already said above 
that we shall study most of the properties of elementary functions later 
on. Here, as a preliminary revicw, we have dealt with only a few 
simple functions. 


CHAPTER f!] 
ELEMENTARY THEORY OF LIMITS 


§ 7. Infinitesimal Quantities 


Variable quantities which we meet in natural phenomena and 
in technical processes vary in very diverse ways. If we were to 
begin the study of the various modes of change, one after dnother, 
in the order in which we meet them in our practical experiences or 
in our nature studies, then this would be an unscientific approach to 
the problem. A botanist does not study -all species of plants which 
happen to catch his eye, but begins by classifying his material, divid- 
ing it into groups which resemble each other more or less closely, 
and only then proceeds with the study of each class of plants as a 
whole; similarly the mathematician should try to divide all possible 
types of changes in quantities into more or less extensive classes so as 
to be able to analyse systematically all the properties which members 
of a given class have in common. In doing this he always begins 
with the study of the simpler objects, because in the first place, he 
learns by experience that the simpler objects of science are, in the 
majority of cases, of utmost importance in its applications and 
secondly, it frequently happens in mathematics, that after the 
simpler cases.have been studied, it is possible to break down the more 
complicated cases to these simple cases and to study them quickly 
and easily. Thus, when studying equations in algebra we begin 
with the simplest case, z.e. with equations of the first degree with 
one unknown; this type of equation is most common and more 
complicated cases can often be broken down to this case. 


The history of developrnent of our science has shown that the 
simplest and the most important type of variable quantities that can 
subsequently be used in the study of many other quantities, which 
undergo more complicated changes, are the so-called infinitesimal 
quantities. Vhe leading role of quantities of this type, both in 


18 
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mathematical theory and in its practical applications is so great that 
the whole science of changing quantities is even today known by the 
name of “‘the analysis of infinitesimal quantities” or ‘‘the calculus of 


infinitesimal quantities’. We therefore begin our study of variables 
with this type of changes. 


Imagine a natural phenomenon, or a technical process in which 
a certain variable quantity x participates. Generally speaking, in 
the course of a process, x will increase sometimes and decrease at 
others. Let us now assume that the absolute value of x remains infinitesimal 
‘during the whole process. Let us explain in greater detail what this 
‘means. Let us assume that we are given a small positive number, for 
example 0°001. From a certain moment of the process onwards we 
‘shall always have |x| < 0001. Assume that weare notsatisfied with 
this degree of smallness and that we want to have |x| < 0-000001. 
In order to achieve this we shall have, generally speaking, to advance 
the process to a further stage. But from a certain moment onwards 
we shall always have | «| < 0°000001. In general, irrespective of 
the infinitesimal quantity ¢ which we might choose, we shall sooner 
-or later reach a moment in our process when | x | << always. 


The quantitv x, the changes in which (in the given process) 
display the property described above, is known as an infinitesimal 


quantity (in the given process). Hence we arrive at the following 
definition : 


The quantity x is said to be infinitesimal (in the given process) if an 
arbitrary constant positive number ¢ 1s such that from a certain moment of the 
- process onwards it will always remain <. 


Example 1. When the temperature is maintained at a constant 


level, the pressure p o the given mass of gas is inversely proportional 
to its volume gz, 2.¢., 


-where ¢ is a positive constant. If we increase the volume of the gas 
indefinitely, then its pressure decreases; if the process;is continued 
for a long time, z.e. the volume of the gas is sutliciently large, then 
the pressure Of the gas, as can be seen from formula (1), becomes 
(and when the gas expands further, remains) as small as we please. 
This means that in the process of the unlimited expansion of the 
-given mass of gas its pressure is an infinitesimal quantity. 


Example 2. According to the law of gravitation the sun $ 
attracts the comet A which revolves round it (Fig. 3) with a force 
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, where é is a positive constant and 7 is the distance between the 


r2 
centres of the two heavenly bodies. Let us assume that we are dealing 
with a comet which only once appears within the reach of the solar 
system (hyperbolic orbit), after which it retracts indefinitely from it, 
i.e. the distance r increases indefinitely after the comet has revolved 
round the sun. It then becomes evident that the force of attraction: 


= becomes infinitesimal ; no matter how small the positive number 


we choose, this force of attraction will become in the course of this 
process smaller than ¢ (and will remain so for ever, i.e. when the 
comet has retracted from the sun for a. 


y sufficiently great distance). ‘This means. 
that the force with which the sun attracts. 
/ the comet becomes an infinitesimal quan- 
tity in the course of the infinite retrac- 
/ ; tion of the comet. 
: sees ee Example 3. In the geometrical pro- 
| |S a gression. 
\ ore. 
ss 1 1 1 l 


2 5 4 d “2 > e889 Qn > oe 
the n’th term will be as small as we please,, 
provided 7 is sufficiently great. This means that as n increases. 


Fig. 3 


: l a eee 
indefinitely, yn becomes infinitesimal. 


In general, if 0 <a < J, then (1 — «)” is an infinitesimal 
quantity when n increases indefinitely. In fact from 
(lL—a)(l+a)=1--a? <1, 
it follows that 


1 ] 
he ee 
and therefore, when n > 0, 
1 
ay \n pe Ce eS 
OS pape! 


but (1 +4)" > 1 + na, ascan readily be seen by expanding (1 + «) 
by the binomial formula (or by proving it simply by the full method of” 
induction) ; therefore, the quantity (1 +- «)” becomes as large as we 
please, provided is sufficiently large. On the other hand, we can. 
see from our inequality that the quantity (1 — «)" becomes as small. 
as we please, provided n is sufficiently large, which had to be proved. 
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Example 4. Fig. 4 represents part of the usual trigonometrical 
circle of unit radius, so that 


AD = DC =|sinx|, arc 4B = arc BC = | x |. 


The straight line ADC is shorter than the arc ABC, i.e. 2| sin «| < 2| x}. 
Therefore, by decreasing the absolute value of the angle x, we can 
make the absolute value ofthe sine as small as we please. ‘This means 
that in the process of infinitely diminishing the absolute value of 
an angle, its sine becomes an infinitesimal quantity. ‘This example 
differs from the preceding example by the fact that sin x can be. 
both positive and negative; irrespective of this it is an infinitesi- 
mal] quantity, for according to the defini- A 
tion of aninfinitesimal quantity, this type 
of change is connected only with the 
absolute value of the quantity. 


Example 5. ‘The deflection of the pen- 
dulum from the vertical position in Fig. 5 
is measured by the angle @; it is conveni- 
ent to regard this angle as positive when 
deflection occurs to one side (for example, Fig. 4 
to the right), and as negative when deflec- 
tion is to the other (to the left). If the pendulum is left to itself 


(i.e. when its movement is not supported bya spring or weight), then as 
a result of the friction of the mechanism and the resistance of the air, 
its amplitude of vibration will continuously decrease. In course 
of this movement the quantity @ becomes both positive and negative 
and passes through the zero position each time there is a change of 
sign. The graph showing the dependence of the angle @ on the time ? is 
schematically represented in Fig. 6 (curve of damped oscillattions). In 
course of time the height of the waves drops conti- 
nuously, which indicatesa gradual diminution in the 
amplitude of vibrations. No matter how small the 
positive number ¢c, sooner or later a moment will be 
reached when | @| < «always. This means that in 
the phenomenon under consideration the angle @ is an 
infinitesimal quantity. We are dealing here with an 
infinitesimal quantity which changes by acquiring 
alternately positive and negative values. 


Fig. 5 


If the vibration of the pendulum is supported 
by certain means with the constant expenditure of a form of energy 
{for example, by using an unwinding spring ordescending weight), 


22: A COURSE OF MATHEMATICAL ANALYSIS. 


then the dependence of the angle @ on time will have the form repre- 
sented in Fig. 7 (curve of undamped oscillations). In this case the angle 
@ will no longer be an infinitesimal quantity; it is true to say that 
in course of time | @| decomes an infinitesimal quantity (or ever 
zero); however, no matterhow long we wait,, we shall never reach 
the moment after which we shall always have | 8 | <4 «,. where « is- 
the amplitude of (the undamped) vibrations ofthe pendulum. 


A comparison of the examples shows that infinitesimal quantities 
can have many d.iverse modes of change; nevertheless their inclusion 
in a single class presents, as we shall see on many occasions later on,, 
a very convenient method of investigation. 


2 


Fig. 6 


Note. The term “infinitesimal quantity’? has been so well- 
established historically that it 1s very difficult toreplace it by any other 
term without causing chaos in scientific terminology. However, this 
term is rather unfortunate and from the pedagogical point of view it 
conceals a danger about which the student must be warned. The 
word “‘infinitesimal’? sounds as if it were intended to indicate the 
dimension of the quantity in question and the student frequently’ 
connects the term “infinitesimal”? with the concept of a ‘‘very small” 
quantity or a ‘‘negligible quantity’’. This is quite incorrect Theterm - 
‘infinitesimal’ describes, by its definition, not the dimensions: of a 
quantity, but the character of iis change. It would, of course, be more 
correct to call such quantities not “infinitesimal” but “indefinitely 
decreasing.” 
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§ 8. Operations with Infinitesimal Quantities 


The wide application of infinitesimal quantities to changes 
occurring in the world is made considerably easier by the fact that as 
a result of the simpler algebraic operations with infinitesimal 
quantities, other infinitesimal quantities are obtained. We shall now 
formulate this property in several simple theorems. 


Theorem 1. The algebraic sum of a constant number of infinitesimal 
quantities 1s an infinitesimal quantity. 


Proof. Lets =v, vo t+... eX, where vy, V9, ..., %n are 
infinitesimal quantities and the number n is a constant. It is to be 
proved that the quantity s is infinitesimal. 


Let < be an arbitrary positive number; in that case the number 
¢/nwill also be positive and constant. Since x, is an infinitesimal 
quantity, we shall reacha moment in our process after which we shall 
always have 


pi) Ss 


the same applies to +. which is also an infinitesimal quantity and 
will also, in the course of the process, reach a point after which we 
shall always have 


Xe| < 


=o 


the same also applies to +3, ¥4, ....%n. Hence the absolute value of 
every term of the sum s sooner or later reaches a moment after which 
it always remains smaller than /n; the moments when this inequa- 
lity is reached will, generally speaking, vary for different terms. 
However the number of these moments is equal to the number of 
terms n and among them the Jatest moment can be found; from this 
latest moment onwards all the n inequalities will always be satisfied : 


= & 
Bae ae a ea a ee 


and therefore, the inequality obtained as a result of term-to-term 
addition will also be satisfied 


lx, {t+ [rel te tlan|<ecae, 
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and therefore,” ) 


i= [Paes < aul <e: 


k=1 k= 1 


We have thus shown that no matter how small the positive 
number ¢€ is,a point will be reached in the process after which we shall 
always have|s| <e. This means that s is an infinitesimal quantity. 
Theorem 1 is thus proved. 


In order to prove the other theorems we must introduce one 
more concept, which in future, will prove to be of great importance. 
We say that a certain quantity » which participates in a given 
process is limited (in this process), if there exists a positive number C' and 
there is a moment in this process after which we always have |y| < C. 
This definition somewhat resembles the definition of an infinitesimal 
quantity ; however;: there is an essential difference: an infinitesimal 
quantity should in the course of the process become and remain 
(by its absolute value) smaller than an arbitrary positive’ number 
and a limited quantity should be smaller than at least one positive 
number. It therefore, follows that every infinitesimal quantity is also 
a limited small quantity. But the converse statement is not true. ‘Thus 
the distance of the earth (or any other planet) from the sun is, 
evidently, a limited quantity, but it is not an infinitesimal quantity. 
Another example: if the number x increases continuously, then 


*) Here and elsewhere we are using the abbreviated notation of a sum which 
is generally accepted in mathematics : 


t 
am+amtit-.-+an=\lay, 
komm 


where m and n (m <n) are arbitrary integers, a; (m<k <n) are arbitrary 
numbers ; thus for example 


denotes the sum 
l l l 1 l 
g2 ae tee Ge hee Pe 


The inequality in the text is based on the well-known algebraic rule: the absolute 
value of an algebraic sum does not exceed the sum of the absolute values of the terms. 
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‘sin x is a limited quantity (because we always have |sin x | < 2), but 
at 1s not .an infinitesimal quantity (because, in any case, we obtain 
the value | sin x | = 1 again and again). Therefore the concept of a 
limited quantity is wider (more general) than the concept of an 
infinitesimal quantity. 


Theorem 2. The product of an infinitesimal quantity and a limited 
quantity 15 an.infinitesimal quantity. 


Proof. Let us assume that ina certain process x is an infinitesi- 
mal ‘quantity and y is a limited quantity and let « be an arbitrary 
positive constant. It follows from the definition of the limited 
‘quantity y that a number C exists which is such that from a certain 
moment of our process onwards we always have |_y|<c. On the 
‘other hand, from another moment onwards (owing to the infinitesi- 
malness of x), we have |x| < s/c. Hence after the occurrence of 
the latter of the two moments, both inequalities | y |< ¢ and | «|< e/c 
‘will be satisfied; hence the inequality obtained as a‘ result of the 
‘term-by-term multiplication 


la|=|*|.ly|<—-e =e, 
‘will also ‘be satisfied. 


The fact that the number « can be chosen arbitrarily means 
that xy is an infinitesimal quantity, which proves the theorem 2. 


Corollary 1. The product of an infinitesimal quantity and a constant 
as an infimtesimal quantity. 


We saw above that every infinitesimal quantity is also limited ; 
‘we therefore have 


Corollary 2. The product of two infinitesimal quantities is an infinitesi- 
mal quantity. 


By means of the method of induction this proposition can be 
extended to include any number of factors. If x1, *2, x3 are infini- 
tesimals, then as a result of the corollary 2, the product «, «2 is also 
infinitesimal; this, as a result of the same corollary 2, shows that 
(x 1X) X3 = X41 X2 x3 must also be an infinitesimal quantity. From 
three ‘factors we can go on to four factors, etc. We therefore have 


Corollary 3. The product of any constant number of infinitestmal 
quantities is an infinitesimal quantity. 


And, in particular, 
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Corollary 4. An arbitrary positive integral power of an infimtesimal’ 
quantity is an infinitesimal quantity. 


We can thus see that the operations of addition, subtraction: 
and raising to an integral positive power performed any number of 
times and in any order over infinitesimal quantities result in other 
infinitesimal quantities. It is not by chance that these operations 
do not include division. The quotient of two infinitesimal quantities. 
may not be an infinitesimal quantity. In fact, let us assume that 
the quantity x which is involved in a certain process is infinitesimal.. 
It follows from corollary 4 that the quantity x? will also be an 
infinitesimal quantity in this process. Let us assume, for the sake- 
of simplicity, that x is never zero; in this event each one of the three 
fractions 


x x 
Ot Ne 


represents the quotient of two infinitesimal quantities. The first 
fraction is equal to x and is therefore infinitesimal; the second’ 
fraction is equal to unity and is therefore limited, but not infinitesi- 
mal; finally the third fraction is equal to 1/x ; thus in our process, 
as | x | tends to become infinitesimal, | 1/x | = 1/| *| tends to become- 
as large as we please and therefore 1/x, i.e., our third! fraction, is. 
not only not infinitesimal, but it is not even limited. 


If the quantity x which participates in a process is equal to zero 
throughout this process, then |x| is at every moment of this process. 
smaller than an arbitrary positive number ¢. It follows from the 
definition of an infinitesimal quantity that « must be infinitesimal : 


A quantity which is equa! to zero through a process is an infinitesimal’ 
quantity in this process. 


$9. Infinitely Large Quantities 


We shall now study another aspect of changes in quantities- 
which is the opposite of infinitesimalness. 


A quantity x is said to be an infinitely large quantity in a given process 
if from a certain moment of this process onwards it becomes greater than a: 
positive number A, which can be as large as we please, so that we have always: 
|x| > A. 
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Infinite greatness, like infinitesimalness, is thus fully defined’ 
by the behaviour of the absolute value of the given quantity, quite: 
apart from its sign, so that together with x, the quantity | v| must 
also be infinitely large. With regard to an infinitely large quantity 
the same warning must be given as that given in § 7: infinite great- 
ness does not tell us the dimensions of the quantity studied and tells. 
us only of the manner in which it changes; it is therefore incorrect 
to connect the concept of an “‘infinitely large quantity’? with the 
concept of a quantity with very large dimensions. 


Example 1. The distance 7 from the sun to the comet in the 
example 2, § 7, is an infinitely large quantity in the process of” 
movement of the comet. 


Example 2. If the acute angle + approachesa right angle, then 
tan ~ in this process is an infinitely large quantity. The same thing 
will take place when the obtuse angle + approaches a right angle (in 
this case tan 'w is negative). 


Example 3. If the number x increases indefinitely, then: 
(—1)”2” is an infinitely large quantity (since | ( — 1)"2"| = 2”). 
It can be seen from this example that an infinitely large quantity, 
‘like an infinitesimal quantity, can change its signin the course of the- 
process an infinite number of times. 


Example 4. In the example 3, § 7, we saw that for every cons- 
tant « > 0, the quantity (1 + «)” is an infinitely large quantity- 
when n — ©. 


Let us now consider the operation with infinitely large quan- 
tities. The sum of two infinitely large quantities need not necessarily 
be an infinitely large quantity, as can be seen from the following: 
simple example : if x is an infinitely large quantity, then as we saw,,. 
— x will also be an infinitely large quantity ; the sum of these two- 
quantities is always equal to zero, 7.¢. it is an infinitesimal quantity. 


We have, however, the following important theorems : 


Theorem 1. The sum of iwo quantities, one of which is infinitely 
large and the other is a limited quantity, 1s an infinitely large quantity. 


. Proof. Let us assume that in the given process * 1s infinitely large: 
and y is a limited quantity. A positive number C' exists which is such 
that from a certain moment of our process onwards we always have: 
| y| < C; let A bean arbitrary positive number; owing to the fact 
that x is infinitely large, there will be another moment in our process. 
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_after which we always have | x| > A+ C. Hence by choosing the 
‘latter of the two moments, we shall always have after that instant: 


|x| > A+ C, ly | < ¢, 
hence *) 


latyle>ix|—-lay|[>44+C0-CH= A. 


Owing to the fact that the number A is arbitrarily large, this 
proves that x + 7 is an infinitely large quantity. 


If, as we saw above, the addition of infinitely large quantities 
does not always lead to infinitely large quantities, then on the other 
hand, the multiplication of infinitely large quantities follows the same 
rule as the multiplication of infinitely small quantities. 


Theorem 2. The product of two infinitely large quantities is an 
infinitely large quantity. 


Proof. The reader is by now well-acquainted with the argu- 
ments used for proving theorems of this kind; wecan, therefore, treat 
the proof more briefly. If x, and x, are infinitely great in the given 
process and if A is an arbitrary positive number, then from a certain 
moment of the process onwards | *x,| > V/A, and from another 


moment onwards | x, | > / A . but from the latter of the two 
moments onwards | x1 %2|=|+x,|.|*2| > 4, which proves the 
theorem. 


From this, in the same way as with infinitesimal quantities, we 
obtain with the aid of induction : 


Corollary. The product of an arbitrary constant number of infinitely 
large quantities 1s an infinitely large quantity. 


The following proposition connects the concept of an infinitely 
large quantity with the concept of an infinitely small quantity : 


Theorem 3. Jf x is an infinitesimal quantity which is never zero, 
then \/x ts an infinitely large quantity; conversely, if x is an infinitely large 
quantity which is never zero, then |/x 1s an infinitesimal quantity. 


To prove this it is sufficient to note that the inequality | x| << 
is equivalent to the inequality 1/| «| > 1/e, and if the number ¢ is as 
small as we please, then the number 1/c is as large as we please. 


*) We are using here a rule which is well-known in elementary algebra : the 
- absolute vatue of a sum is not tess than the difference of the absotute values of its terms. 
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§ 10. Quantities which tend to Limits 


In the above sections we have dealt with some of the simple- 
types of changes in quantities, 7.e. we have considered quantities 
which decreased indefinitely and other quantities which increased 
indefinitely and which are known as infinitesimal and infinitely 
large quantities respectively. Following our scheme, we shall now 
consider the next large class of a type of change and in doings, so we: 
shall find the concept of infinitesimal quantities very useful. 


In practice and in natural phenomena it happens frequently 
that the variable quantity x tends to come infinitely close to a certain 
constant-a, so that in the course of the process the absolute value of 
the difference between these quantities becomes infinitesimal; in 
such cases it is said that the quantity x has a limit a in the given 
process or that it tends to a. ‘This is denoted as follows : lim x=a, or 
x — a. the two forms of notation are equivalent. The word lim is 
made up of the first three letters of the latin word limes which means. 
limits or boundary ; but the word should be read in English, 7.e. 
*‘Jimit’’. 

It is obvious that the quantity x cannot, in this case, have two- 
different limits : in fact, if*— a, and x — ad», then the absolute 
values of the quantities x — a, and x— a, become and remain 
infinitesimal in the given process; hence their difference, 7.e. the 
absolute values of the constant a, — a, must, in the course of the 
process, also become and remain infinitesimal, which is only possible 
when d, = 4}. 

As we have just said above, the relationship lim x —> a (or xa), 
where a must be a constant, means that the absolute value of the 
difference x—a becomes and remains in the course of the given process. 
as small as we please, i.e. it is smaller than an arbitrary constant 
positive number. But, by definition, a quantity which changes in 
this manner is an infinitesimal quantity. We can therefore say that 


The quantity x tends in the given process to a constant quantity a (or, 
which is equivalent, it has as its limit the constant quantity a), provided the 
difference x—a is an infinitesimal quantity in this process. 


Example 1. A heated body (temperature 7',) is immersed in 
water (temperature 7’, < 7’,). The body cools down gradually (7; 
falls) and the surrounding water warms up (/’, rises) ; both quantities 
T, and 7’, thus tend indefinitely towards an average temperature 
T (1, < T <7), so that, in the course of the process the differ-. 
ences 7, — 7’ and T, — T become infinitesimal. 
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We thus have 
lim 7’, = T, limT, = T, 
‘or T,->T, T,—>T. 


Example 2. A coin is thrown 7 times in succession and after 
each throw it is noted whether the head or tail turns upwards. Let 
us assume that after the coin is thrown n times, the head appears m 
‘times at the top;as 7 increases m, increases aswell. Experience shows 
that when the coin is geometrically regular and physically homo- 
-geneous, then, provided it is thrown a great many times, the head 
will appear at the top half the number of times, 7.e. the relationship 
m/n tends to 1/2; we can take it to be proved empirically that the 
absolute value of the difference 

m I 


nm 2? 
‘when n increases indefinitely (by becoming both positive and negative), 
remains in the end as small as we please, 7.¢. this difference becomes 
.an infinitesimal quantity as the number of times the coin is thrown 
increases indefinitely. ‘Therefore in our process 
LL ] m | 
lim — = — or —--> 
n 2 


n pi 


Example 3. Ifthe quantity xin a certain process is infinitesimal, 
then the quantity » = a + bx + cx*, where a, b and ¢ are constants, 
‘tends to the limit a in this process. In fact, y — a = bx + ex? and 
af x is infinitesimal, then the theorem in § 8 enables us to say that the 
quantity bx-+cx? is also infinitesimal. 


Example 4. If in a certain process the quantity x is infinitesimal, 
‘then cosx tends to unity as its limit. In fact, froma certain moment 
‘of the process onwards | x | < 7/2, i.e. the angle x is an acute angle 


-and cos + > 0. It follows from the relationship 1 — cos? x = sin 2.x 
‘that : 
Gee cee ee < sin? 
SS ee See ep ; 
T+ cosx 7 * 


and owing to the fact that apart from x, sin x is also an infiniteismal 
quantity (example 4, § 7), it follows that sin? x (corollary 4 of theorem 
2, § 8) and the quantity 1 — cosx are also infinitesimal and are 
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-confined between zero and the infinitesimal value sin 2 x; but in our 
process this means that 


‘ cosx—> 1. 


Example 5. Let us prove that for every constant a > 0 the 
‘quantity "/a tends to unity as its limit, provided 7 increases 
indefinitely. In fact let it be given arbitrarily that=>0; we know 
(example 3,§7) that as » increases indefinitely, the quantity (1 — ¢)* 
is an infinitesimal quantity and the quantity (1 + 2)” is an 
infinitely large quantity; therefore provided n is sufficiently large, we 
have 


~ 


(l—-s)"<a<(l+4e)", 
shence l—-e<Vacl+e, 
-OY R/a—l\|<e, 
‘which proves our proposition. 


The above examples show us that the way in which a variable 
‘quantity tends to its limit can be very diverse in character. Thus in 
example 1 the temperature 7’, tends to its limit 7’ by decreasing 
continuously; On the other hand, the temperature 7’, (in the same 
example) tends to this same limit 7’ by increasing continuously. In 
-example 2 (the experiment with throwing a coin) theory and practice 
show us that by increasing the number of times the coin is thrown, the 
“fraction of heads’’ m/n becomes greater and smaller, (and sometimes 
equal to) 1/2; we are dealing here with a quantity which increases 
‘.and decreases in the process under consideration while it tends 
towards its limit. 


‘ ° o ° o 
In spite of the fact that quantities show great differences in 
behaviour when tending towards their limit, they also share many 
‘properties in common; this makes it possible to include them in the 
-same class. We shall now study some of their properties. 


Theorem 1. A quanti‘y which tends to a limit in a given process is a 
limited quantity in thes process. 


Proof. Let us assume that in a certain process x > a. In this 
case the difference x — a is infinitesimal and, therefore, from a 
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certain moment of the process onwards | x — a| <1; hence owing to. 
the fact that x = a + (x — a), we have 


|x] <[a@) + 
This inequality, on the right-hand side of which stands a. 
certain constant positive number, is satisfied from a certain moment 


of the process onwards; but this means that the quantity +x is. 
limited in this process. 


x—a|l<|ja|+l 


Theorem 2. Jf in a certain process x > a and a> o, then froma 
certain moment of the process onwards we shall always have x > o. 


In other words, if a given quantity has a positive limit, then 
from a certain moment of the process onwards the quantity itself 
will be positive. 


Proof. Let 5 be an arbitrary positive number smaller than: 
a(0O <b< a). Owing to the fact that the difference x — a is 
infinitesimal, we shall have from a certain moment of the process. 
onwards 

|x—a\l<b; 
since x = a + (x — a), we have from that moment onwards 
x>a-|x—al>a—d>0, 

which had to be proved. 


Corollary 1. If in a certain process x + aand a < 0, then from a 
certain moment of the process onwards we shall always have x < 0. 


Corollary 2. lf x — a, and from a certain moment of the process 
onwards x > O, thena > 0. If from a certain moment of the process onwards 
x <0, thena < 0. 


The proof of both these corollaries is so obvious that we shall 
not give it here. 


I.et us now assume thatin a certain processx—> 0. This, as we 
know, is equivalent to the fact that x — 0 = x is an infinitesimal 
quantity ; we thus arrive at the following proposition: 


Theorem 3. Every infinitesimal quantity has zero as its limit and, 
conversely, every quantity which tends to zero is infinitesimal. 


This theorem is very important. It shows that infinitesimal 
quantities which we considered earlier are a particular case of 
quantities which tend to a limit. On the other hand, infinitely 
large quantities cannot tend to a limit; this follows from theorem 1, 
for, evidently, an infinitely large quantity cannot be limited. 
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We have finally : 


Theorem 4. Every constant a is its own limit. 


In order to prove this it is sufficient to say that the relationship 
a — ais equivalent to the fact that a — a must be an infinitesimal 
quantity; buta —a=0 and the constant zero is, as we know, always 
an infinitesimal quantity (cf end of § 8). 


Other properties of quantities which tend to limits are con- 
nected with operations with these quantities; we shall deal with 
these in the following paragraph. 


§ 11. Operations with quantities which tend to limits 


Theorem 1. Jf in a certain process x, —> ay, %2—> dg, --, 

Xn —> Qn, then 
Hobe tk. Arey rma, tat... + ay. 

This theorem is frequently formulated as follows: the limit of 
an algebraic sum (with a constant number of terms) is equal to the 
algebraic sum of limits; this formulation is even more obvious if 
the theorem is written down in its equivalent form: | 

lim (4 + x2 +... £ x,) =limx, thms+... tlm», 

It is only necessary to remember that it is assumed that each term 
has a limit; this is the necessary requirement of this theorem; on 
the other hand the existence of a limit of the algebraic sum as a 
whole is then no longer assumed but maintained (and, of course, 
proved). The full (but rather lengthy) formulation of theorem | 
should read as follows: If in a certain process every quantity x; (1 <i <n) 
has a limit, then the algebraic sum of these quantities also has a limit and 


this limit of the algebraic sum is equal to the algebraic sum of the limits of 
terms This note also refers to all subsequent theorems of this kind. 


Proof. It follows from the assumptions made with regard to 

this theorem that in the given process all the differences 
Xy — ay = &, Ng — Ag = Key sory Nn — an = Kn 
are infinitesimal quantities. It follows from theorem 1, § 8 that their 
algebraic sum a, -+ a +... + &, is also an infinitesimal quantity 
but this algebraic sum is, evidently, equal to 
(4, x, +k os + Xn) —(aq tagt... ta); 

from which it follows directly that 


xpihwm tk. break at ve On, 


and the present theorem is thus proved. 
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Theorem 2. Jf in a certain process *1 —> Qy, Xg —> Gos +++ 5 Xn — Any 
then 
Hy Xq vee Xp —> Ay Ay ose Ane 
Procf. To begin with, let us prove this theorem for two factors 
(n == 2). Let us assume that x, — a, = &, 2 — ag = 4 and that 
a, and a are infinitesimal quantities. Hence 


Hy = ay + Oy, XQ = dy Tb Me, 

XyXq = AyAg + Ay%q —F Agh, + %y%p, 

XyXq — AyAg = Ay% + Ag%, + OH. 
On the right-hand side of the last equation all the three terms are 
infinitesimal (the first two as a result of corollary 1, and the last as 
a result of corollary 2 of theorem 2, § 8); it follows from theorem 
1, § 8 that the right-hand sides and therefore also the left-hand sides 
are infinitesimals. But the infinitesimalness of the difference 
1 X_2 — ay a. means that x, x2 —> a, a,; hence we prove the theorem 
in the case when n = 2. It is not difficult to prove the theorem 
for n = 3, and later for = 4, etc.; thus for example if x; > a3 
and the theorem is already proved for n = 2. Hence 

lim (xy x9 3) = lim [(x, 2) x3] = lim (x, x2) lim x, = 


= lim x, lim x, lim xs, 


which proves the theorem 2 for n = 3. 


Theorem 3. IJfin a certain process x —> a andk ts a constant, then 
kx — ka. 


Owing to the fact that k -> k asa result of the theorem 4, § 10, 
it follows that theorem 3 is an immediate corollary of theorem 2. 
Theorem 3 can also be formulated as follows: 


lim (kx) = k lim x, 


as a result of which this theorem can also be formulated as follows: 
a constant factor can be taken outside the limit sign. 


Theorem 4. [fin a certain process x—>a and n is an arbitrary constant 
natural number, then x” —> a”, 


This theorem is obviously a particular case of theorem 2. 


Theorem 5 follows from the theorems 4, 3 and 1. 
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Theorem 5. Jf P(x) =agx" + ayx"I1 4+... tany.e +a, 


1s an arbitrary polynomial of x and if in a certain process x —> a, then in this 


process P(x) — P(a). 


Example. Let P(x) = 2x3 — 4x? +5x— 12. If in a cer- 
tain process x — 2, then 


P(x) > P(2) = —2. 


So far we have only studied the operations of addition, subtrac- 
tion, multiplication and raising to a power with a constant natural 
index as applied to quantities which tend to limits. We shall now 
go on with theorems connected with division. 


Theorem 6. Jf in a certain process x->a and a0, then 
1/x — 1/ain thts process. 


Proof. To begin with, it followsfrom theorem 2, § 10 (or from its 
first corollary) that because a ~ 0, we have from a certain moment 
onwards x = 0, so that 1/x is not devoid of meaning. Furthermore, 
owing to the fact that x — a is an infinitesimal quantity, we shall 
have from a certain moment onwards | x — a{| < $|a| and therefore 


lx}=lat(e—a)|>l]a|—|e-—a|>l[al— la} = 3a|, 
hence ; 
Dg 
|x| ~ fal’ 
: 1 2 
~hich means that —, <->. 
| ax} a 


This inequality shows that 1 / ax is a bounded quantity in our process 
‘Therefore the quantity 


as a result of theorem 2, § 8 is an infinitesimal quantity, which means 
that ]1/x—>1/a. Theorem 6 is thus proved. 


Theorem 7. Jf in a cerlain process *1—> 44, %_2-> aq and if 
ao fF 0, then x,/%2 —> 43/a¢. 


The proof of this theorem follows directly from the theorems 6 
and 2(n = 2). 
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' Corollary. If P (x) and Q(x) are two arbitrary pane of x and 
in a certain process x > a and Q (a) 4 0, then Ma 


re a 
eo4 oe 


P(x) | P (a) 
fas aL. - Q(x) Q (a) ot 
It follows a the fact that x —» a and from theoreii 5 that 
P(x) > P(a), Q (x) > Q (a); therefore the relation to be proved is a 


particular case of — if 


Theorem 7 enables us to express the limit of a fraction in, terms 
of the limits of the numerator and the denominator of this.fraction 
in all cases when these limits exist and when the limit of the. denomi- 
nator is other than 0, Ifa, = 0, then this theorem cannot be used 
for the study of the fraction x;/x.». It can be readily seen that when 
a. = 0, the fraction +,/x, can only have a limit provided!a, = 0; 
since x, = (x1/%2) x2, then provided lim x, = 0 and there is’ a 
lim «1/%*_2 = b, we have from theorem 2 (n = 2): — 


piv bo tie 


a, = lim x, = lim? lim x2 = 6.0 =0. 


the wry 


Hence we arrive at the following conclusion. 


Theorem 8. If the denominator of a fraction is Pidiesmal ie de 
fraction can only have a limit provided its numerator is also infinitesimal. 


In this case the given fraction represents a quotient of two 
infinitesimal quantities. Such a quotient, as we saw in § 8, can 
change in very diverse ways; therefore every case must be studied on 
its own merit. We must, however, emphasize that the analysis of 
the mode of change which is characteristic of one or other ratio of 
two infinitesimal quantities is, as we shall see later, one of: ‘the ‘most 
important problems in mathematical analysis. At the endof this 
section we shall consider a definite case of a problem of this kind. 


Before doing this, however, we shall establish two more proposi- 
tions which are very important in the assessment and the. practical 
evaluation of limits of variable quantities. hs 

‘Theorem 9. If x-> a, y —> 6 and beginning fram a certain moment 
of the process x > y implies a > b. met 

For proving this theorem, it is only necessary to apply: corollary 
2 of theorem 2, § 10 to the difference x — y. eA 


of. 


. 


ELEMENTARY THEORY OF LIMITS 37 


‘Theorem 10. Jf starting from some moment of the process we always 

have is; > 
rey a 
“1 < a < N25 hs (1) 


0" 


and if the quantities x 1 and x» tend in this process to the same limit a, then, a is 
the limit of x. 


Proof. It follows from (1) that 


OR *¥ —%1 SS Xe — *, 


hence 
|x — xy! <|x. — xi] ; (2) 


but lim (x, — x,;) = lim x, — lim x, = a— a = 0, so that x, — x, 
is infinitesimal; it follows from (2) that x — x, is also infinitésimal, 
so that x — x, 0; but 


w= xy + (x — x4); 

since; — aand x — x,—> 0, therefore x > a + 0 = a, which was 
ee ee 

to be: ‘proved. 


‘The importance of theorem 10 is due to the fact that in definite 
cases the quantity x, the limit of which we are trying to-find,.has 
sometimes a complicated form difficult to analyse, which makes our 
problem very difficult ; it is then possible to say that ~ always lies 
between two other quantities x, and 
x» Which have a considerably simpler 
form : if we also succeed in showing 
that the quantities x, and x, tend to 
the same limit a, then it follows from 
theorem 10 that x — a; we are thus 
able to find the limit of x without 
having to analyse directly its complica- 
tel expression. Let us now consider 
a definite example of this kind which we shall be. able to use as one 
of the most important examples in calculating the limit of the ratio 


t' 


of two. infinitesimal quantities. 


0 


CB. 


cosr 
Fig. 8. 


Problem. Let x be an infimtesimal quantity in a certain process at 
is required to prove that sin x | x has a limit and to find this limit*. , 


* We are assuming for the sake of simplicity that x does not vanish in this 
process. 
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’ Solution. Fig. 8 represents part of the usual trigonometrical 
circle of unit radius. The area of the triangle OAC is evidently 
equal to }sinx cosx and is smaller than the area of the ‘ciccular 
sector OAB which is equal to 3 x; the latter is smaller than the area 
of the triangle ODB which is equal to 


, sin x 
= cos x" 


Hence 

. sin x 
+ sinxcosx <$x <4 ‘ 
cosx 

and therefore 

x 
cosx << --— < -, 
sin x cos x 


But when x — 0, we have (example 4, § 10) cos x — 1, which means 
that according to theorem 6, 1/cos x > 1. Both the right and left- 
hand sides of the above inequalities tend to unity when x —> 0. 
Therefore, according to theorem 10, we can conclude that 


and therefore (by applying theorem 6 again) 


sin x Z 


lime hy 
wv 


when ¥ + 0. For the sake of simplicity we are assuming that x >0; 
but owing to the fact that the value of sin x/x remains unaltered 
when x is replaced by — x, the result remains valid for every 
approximation of x to zero. 


The above result is of the utmost importance in finding limits 
of quantities, the expressions of which include trigonometrical func- 
tions. ‘Thus if x is an infinitesimal quantity, then the numerator and 
the denominator of the fraction 
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are also infinitesimal; owing to the fact that 


1 cos x = sin* x 
1+ cosx ’ 
we have 
> sin = x 1 1 = *) 2 
1+ cosx x? 1 + cos x x : 


but, when x — 0, we have: 


cosx—>1, ———-—], 


which means that 


_ 1—cosx* 
ym LE og. 


§ 12. Infinitesimal and infinitely large quantities of 
different orders 


We shall return fora short time to infinitesimal and infinitely 
large quantities in order to somewhat supplement their theories. 


Let us assume that in a certain process two infinitesimal 
quantities x and y are involved and that we wish to compare them 
with respect to the rate at which they diminish. To do this let us 
consider the ratio y/x (we shall assume for the sake of simplicity that 
at least, from a certain moment of our process onwards, x does not 
vanish so that the quantity »/ x is at no time devoid of meaning). It 
may happen — and we saw examples of this kind in § 8 — that the 
ratio y/x is itself infinitesimal; this evidently means that in our 
process y is an infinitesimal quantity and that it is not only small in 
itself but it is also small in comparison with the infinitesimal x, so that 
provided the process is sufficiently advanced, | _y | will only comprise a 
negligible part of { «|; this will beso, for example, when y = x?. 
In this case we say that y is an infinitesimal quantity of a higher order as 
compared to x. Conversely, x, in comparison with y, has a lower 


degree of smallness. 


Let us now assume that the ratio y/x is an infinitely large 
quantity in the given process; it follows from theorem 3, § 9 that the 
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reciprocal ratio x / _y will, in this case, be infinitesimal and therefore x 
has a higher degree of smallness as compared to 2, (and y has a lower 
degree of smallness as compared to x). 


Let us finally consider the case when in a given process the ratio 
y/x of two infinitesimal quantities can neither decrease indefinitely 
nor increase indefinitely, but its absolute value remains confined 
between two positive boundaries; this means that two positive 
constant numbers a and 6 exist so that from a certain moment of 
our process onwards we have 


It is obvious that this means that in the given process neither 
of the quantities | x | and | y | can, by decreasing, considerably outdo 
one another. In this case it is said that the quantities x and y have the 
same order of smallness, or they are infinitesimal quantities of the same order. 
In particular this occurs when in the given process the ratio y/ x tends 
to a limit a other than zero; in fact, if this is so, then no matter how 
small « > 0, we shall have from a certain moment onwards 


jal -e< 2) < la +e, 


where, provided «is sufficiently small, the number |a|— ¢ and 
|a| + € are positive constants. 


It is evident that in the course of their variation the infinitesi- 
mal quantities x and y are particularly close to one another when 


=lim (2) =1; 


and in this case x and y are said to be equivalent infinitesimal quan- 
tities. The equivalence of infinitesimal quantities x and y is denoted 
as x ~~. We have shown at the end of the previous paragraph 
that the infinitesimal quantities x and sin x are mutually equiva- 
lent. ‘he concept of equivalence of infinitesimal quantities is very 
important in the evaluation of limits; its importance is based on the 
following proposition : 


Theorem 1. Jf x and y are equivalent infinitesimal quantities and 
zis a third quantity which is involved in this process, then tt follows from 
xz —> a that yz -> a. : 
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In other words, when a quantity tends towards a limit and if 
one infinitesimal factor is replaced by another equivalent infinitesi- 
mal quantity, then the quantity which has been changed in this way 
will tend to the same limit. 


To prove theorem | it is sufficient to say that it follows from 


ye = Ee 1 NZ 
x 


that 


lim (7z) = hm (2) lim (xz) = l.a =a, 


With the aid of theorem 1 it is frequently possible to replace 
individual infinitesimal factors of an expression by other equivalent 
but simpler, infinitesimal quantities; this is very useful in evaluating 
limits ; it is thus possible to simplify the solution of a given problem. 
Thus in the solution of the last problem in the previous paragraph 
we could have replaced in the expression 


sin® x 1 
J — a a id 9 
1+ cosx x* 


sin? x by x”, since sin x ~ x, i.e. we could have written simply 


I 
lim y = im ——. —— =}, 
J eT 4 cosx 2 
The same equivalence of sin x ~~ x makes it possible, for 
example, to find from infinitesimal quantity x, 


ee en ey Free een a 
xo +.3x x(x + 3) x? t+. 3 : 

In the above we considered cases of two infinitesimal quantities x 
and y which take part ina given process such that: (1) one has a higher 
degree of smallness as compared with the other and (2) both quantities 
have the same degree of smallness (3.e. they are equivalent to one 
another). These two cases do not, however, cover all the possible 
interrelationships between the order of decrease of two infinitesimal 
quantities which take part in the same process; on the contrary, the 
cases which we considered above are only the simpler instances and 
can be studied very easily. Generally speaking, the ratio y/x of two infini- 
tesimal quantities can be much more complicated; for example, the 
quantity | y/x | can, in the course of the process, become infinitesimal 
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and later infinitely large, and both phenomena can take place 
again and again no matter how far advanced the process. In this 
case we cannot ascribe to y (as compared to x) either a higher or a 
lower or even the same degree of smallness and we must admit that 
the quantities y and x cannot be compared with one another with respect to 
the rates of their decrease. From a logical point of view we should 
consider this case, where comparison is impossible, as the general 
case; however, in practice we meet more often one of the special 
cases which we have considered above. 


All that has been said so far in this section about infinitesimal 
quantities can also refer, with appropriate corrections, to infinitely 
large quantities. Let us assume that the quantities x and y are 
infinitely large in a certain process. If the ratio x/ y isinfinitely large, 
then x is an infinitely large quantity of a higher order as compared to 
y and » is an infinitely large quantity of a lower order as compared 
to x. If|x/y| from a certain moment onwards remains confined 
between two constant positive numbers, then x and y are infinitely 
large quantities of the same order; this will always be the case when 
there is a lim (x / y) in a given process which is other than zero; in 
particular, if x / y — 1, the infinitely large quantities x and y are said 
to be equivalent and this is denoted by x ~ y. When evaluating 
limits we can replace infinitely large factors by arbitrary equivalent 
quantities in the same way as this was done with infinitesimal quan- 
tities. 

As with infinitesimal quantities, it can be very useful to assess 
the order of infinitely large quantities not only qualitatively (higher, 
lower, equal) but also quantitatively. This can be done as follows. 
An arbitrary infinitesimal quantity, for example x, is chosen as the 
basis; all other infinitesimal quantities which are of the same order 
as « are said to be infinitesimal quantities of the first order*; in parti- 
cular, any infinitesimal quantity which is equivalent to x will be an 
infinitesimal quantity of the first order. To continue: the quantity 
x” and all quantities of an equal order are known as quantities of 
the second order. Generally speaking, any quantity of an order equal 
to that of x*, where « is an arbitrary positive constant, is known as 
an infinitesimal quantity of order «. The rate of growth of infinitely 
large quantities is determined in a similar manner. 

* Let us remember : y is of the same order as x if froma certain moment of 
the given process onwards wealways have a <\|y»/ «|< 6, where a and 6 are 
positive constants, 
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Example 1. The problem solved at the end of the previous. 
paragraph shows that if x is taken as the basis, than 1 —cos x will be: 
an infinitesimal quantity of the second order. 


Example 2. Let 
Y = ay Hy 4H ay Kg Ho. Fag xn, 


where the consiants aj, a, ..., are other than zero and the positive 
numbers 1, Mm, ...,m are such that ny <m<... << m. Thus 
(1) if x is the basic infinitesimal quantity, then y is an infinitesimal 
quantity of order n,; (2) if x is an infinitely large quantity, then yis an 
infinitely large quantity of order n;. 


In conclusion of this paragraph we shall introduce another very 
convenient system of notation which is used more widely in contem- 
porary mathematics and which we shall find very useful in future. 
Let y and x be two quantities which are involved in a certain process 
and let x always be positive,(or at least from a certain moment of the 
given process onwards). We then have: (1) if the ratio y/x is a 
bounded quantity in this process, then this is written downas follows : 


y = 0 (x); 
(2 


2) if the ratio y/x is an infinitesimal quantity in the given process. 
(i.e., its limit is zero), then this is written as follows: 


y = 0 (x). 
It evidently follows from _y = o (x) that » = O (x), but the 
converse is not true. It is self-evident that we assume !n both these 


relations a definite process in which both quantities x and y participate 
and that, generally speaking, in any other process this will no longer 


be so. 
Example 3. If x is an infinitesimal quantity, then 


x? = 0 (x), 
5x -+ 3x? = O (x) , 
2sin x = O (x), 


1—cosx =o (x). 


I 


Example 4. If x is an infinitely large quantity, then 


ONY s 


5a + 3x? =.0 (x). 
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Example 5. For any arbitrary change in x it follows: from 
y =o(x) that « + _y ~ +; conversely, it follows from x > 0 and 
x+y ~x that y = o (x). 


Example 6, The fact that the quantity x is infinitesimal in the 
given process can be denoted as follows: 


x= o0(1) ; 
and similarly, the relation 
1 = 0 (x) 


is equivalent to the statement that « is a positive infinitely large 
quantity in the given process and the relation 


«= 0 (1) 


is equivalent to the statement that the quantity x is bounded in the 
‘given process ; we can thus see that the symbols O and o enable us, 
in certain cases to express very briefly the character of change of 
different quantities. 


CHAPTER III 


DEVELOPMENT OF THE ACCURATE THEORY OF 
LIMIT TRANSITION 


§ 13. The mathematical definition of a process 


Until now we assumed that all the quantities which we have 
considered above participated in a certain process (phenomenon) and 
tried to elucidate the character of their change in the course of this 
process. We were talking about differcnt moments of the given pro- 
cess and differentiate between its earlier and later moments.’ This. 
method of expression is picturesque, sirmple and convenient ; it helps 
the student to understand the origin of the main concepts of 
mathematical analysis (variable quantities, functions, limits) from his 
observations and studies of the outside world. However, from the 
point of view of mathematical theory, it is necessary to introduce greater 
accuracy into this form of expression; the concept of a process and its: 
various moments, which we have used so far, was not defined mathe- 
matically and, when using this concept, we had in view no definite 
mathematical objectives apart from the convenience of the pictures- 
que representation linked with our everyday experience. In order 
to become a fully valid science which can be subjected to mathe- 
matical investigation each process must be fully defined mathemati- 
cally and be freed of ideas which are not defined in this way; this 
form of description can serve as an abstract formal characteristic 
without which no mathematical theory can function. 


When considering the real or abstract mathematical processes 
dealt with in earlier paragraphs, it can be readily seen that this 
mathematical characteristic, this formal structure of the process can 
be very different in different processes. However, there is one 
characteristic which all processes share in common and it is this cha- 
racteristic which we must try to elucidate. This common character- 
istic is due to the fact that the different moments of any process are 
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always represented by a sequence of successive values of a certain 
variable which changes in which the given process is essentially con- 
cerned; it is therefore natural to call this quantity the basic variable 
of this process. Let us explain this by examples. 


Example I. In the course of the process described in example 
3, §7 (a geometrical progression, the n-th term of which is 1/2”) the 
n terms of the progression run successively through a series of natural 
numbers (7 = J, 2,...). By different ‘‘moments’’ of the process we 
mean different values of the number v7, where the lower values of n 
correspond to the “earlier”? moments and the higher values to the 
‘later’? moments of the given process. By the quantity which 
“‘participates’’ in this process we mean any function of 7; in particular 
one such function is the function 1/2” which we have considered in 
this example. The “‘basic’’ variable of this process is the number n. 


Example 2. In the example 1, § 7 (expansion of a gas at cons- 
tant temperature) the volume zv of the given mass of gas is the basic 
variable; in this process the value of v grows indefinitely. By differ- 
ent moments of the process we mean different values of v. As 
in the above example, the lower values of v refer to ‘‘earlier’’ 
moments and the higher values of v to ‘later’? moments. In 
contrast to the above example where 7 acquires only integral values, 
the value of v increases continuously and in passing from one 
value to the next it runs through all intermediate values. Here 
again we take it that the quantity which “participates” in the given 
process can be any function of v; in particular, one such function is 


p == c/v which we have considered in example 1, § 7. 
Example 3. Let us now consider a -process which involves a 


continuous decredse in the positive number «x; we take it that this 
number is the basic variable'of the given process. The ‘‘earlier’’ 
moments will be the greater and the “‘later’’ the smaller values of x. 
The quantity which participates in this process can be any function of 
x, for example, 1 + x + x*, cos x, etc. In thiscase the basic variable 
behaves differently from that in either of the two processes considered 
above; it does not increase but decreases and tendstowards zero. In 
example 4, § 10 we have analysed the behaviour of cos x which partici- 
pates in a process of this kind. 


Let us now draw some conclusions. We can see that from a 
mathematical point of view every process should be regarded as a 
series of successive values ofa certain variable quantity, “basic’’ for 
the given process. The individual values of this variable represent 
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the moments of the given process, where a lower value corresponds to 
an earlier moment and a higher value to a later moment, or vice 
versa, (in ot her words, the basic variable either increases continuously 
in the given process or decreases continuously). The quantity which 
participates in the given process can be an arbitrary function of the 
basic variable. 


Bence these are the common characteristics of the processes 
which we have studied so far. What, then, can be the differences bet- 
ween these processes from a mathematical point of view? If we were 
to disregard the real contents of these processes and were only tocon- 
sider their mathematical structure, then, as we can see, the only 
difference lies in the behaviour of the basic variable. It is the 
character of the Lehaviour of this variable which influences the 
mathematical nature of the process and this, as we have seen above, 
can vary greatly. Apart from the three types of processes which we 
have considered above, many other cases are possible which have an 
even more complicated structure; thus, for example, we can imagine 
a process of ‘‘mixed”’ structure in which the basic variable changes 
either by jumps (as in the first example) or continuously (as in the 
other two examples); however, for the purpose of mathematical 
analysis, the structures which we ‘have considered above are basically 
important, and therefore, we shall study them alone. Wecan, thus, 
regard every process as a series of successive values of a certain 
“‘basic’ variable; the value of this variable can be expressed in 
terms of natural numbers (i.¢., it may change by jumps or increase 
continuously) or it changes continuously by running through inter- 
mediate values; in the latter case it can either increase continuously 
or it can decrease continuously; if, for example, it increases conti- 
nuously, then it can either increase indefinitely or it can remain 
bounded; a continuously decreasing quantity can also behave in an 
analogous manner. In every case the character of change in the 
basic variable fully defines the mathematical type of process. As we 
know, these types can be very diverse; however, for the purpose of 
mathematical analysis, it is quite adequate to consider only a few 
simple types of processes mentioned above. 


§ 14. The accurate concept of limits 


In chapter 2 we agreed that a quantity » which participates in 
a given process tends towards the constant limit 6 if the difference 
y—®6 is an infinitesimal quantity in this process; thus the concept 
of a limit is always given in terms of an infinitesimal quantity. 
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But what exactly do we mean by infinitesimal quantities? We have 
said that the difference y—d is infinitesimal if no matter how small the 
positive number e be, the inequality | y—b | < ¢ will always be satisfied from 
a certain moment onwards. As we have already said in the. previous 
paragraph, we can no longer be satisfied with this formulation which 
involves the concept of a process and its moments; for they are not 
defined accurately. However, we now know the accurate definiticn 
of a mathematical process; hence by replacing the indefinite terms. 
of ‘“‘process”’ and its ‘‘moments” used for picturesque description by 
the corresponding strictly accurate mathematical concept, we aré 
fully capable of defining the concept of an infinitesimal quantity (and 
therefore also the concept of a limit) with absolute accuracy. ‘The 
accurate definition of a limit, which we are trying to give in this 
paragraph, can be expressed in different ways for different types of 
processes; we shall therefore have to formulate it separately for every 
type of processes listed in the previous paragraph. This isin contrast 
to our earlier, not quite accurate definition of a process which could 
be formulated in the same way forevery type of process; thus, by using 
this definition, we were able to define in chapter 2 the theory of 
limits for processess of all mathematical structures. 


1. The limit of a sequence. Let us consider a process in which 
the basic variable n runs successively through a series of natural 
numbers (n= 1, 2, ...). Any function of m can participate in the 
process, for example 1/2", n!, the perimeter p,, of a regular n-sided 
polygon inscribed in a circle of unit radius, etc. Let a, be one such 
function. In this process a, runs successively through the sequence 
of values 


QA4, Day very Any <> (1): 


Let us now try to explain accurately the statement that “‘the quantity 
a, tends to a limit « in the given process’. 


We know that the fundamental idea of this statement is as. 
follows: no matter how small ¢ > O be, the inequality | a,—a | <e 
will be satisfied from a certain moment of the process onwards. But 
what is meant by “from a certain moment of the process onwards?” 
By the moments of our process we mean different values of the basic. 
variable n —greater n corresponds to the later moment. Therefore 
the words ‘‘from a certain moment of the process onwards”? mean more 
accurately “beginning with a certain value ny of the number n and 
for all its greater values’. The statement which we are trying to. 
define accurately can therefore be formulated as follows: the quantity 
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ay tends towards the limit a, if no matter how small the positive number e, a natural 
number ng exists which is such that we have\|ay, — «|< ¢ for anyn > ng. 
It is evident that this formulation is much more complicated than 
the one used previously, but it is quite free of concepts which are not 
fully defined (‘‘process’”? and its ‘‘moments’’). Therefore, this defini- 
tion of a limit can now be used in the construction of a strict 
mathematical theory. 


In processes of the type we are considering, it is more usual to 
speak not of a “function a,’’ but of a “‘sequence of numbers” (1). In 
the event when_a,—, the sequence C1) i is said to be convergent and the 
number & is known as its limit. Ifa, has no limit, then it is said that 
the sequence (1) is divergent. 


The fact that the basic variable n increases indefinitely in the 
course of the process, is frequently denoted symbolically as follows: 
n—> oO, or more accurately, n—> + ©; it must be remembered that in 
this symbolic notation the arrow does not indicate a tendency towards 
a limit, as is usually the case, for an indefinitely increasing quantity 
can pave no limit. The sentence ‘‘the sequence_(1) tends to the. 
limit «? (the exact meaning of which we now fully understand) can 


ee 


therefore, be expressed symbolically as ‘follows : 
lim ad, =4%, 
ne 
or 
Aan >a (n> co); 


and both forms fully express the fact in which we are interested 
(lim a, = «% or @, >) apart from indicating the nature of the 


process in which they take part (n> co ). 


Example. Let us denote the sum of the first n terms of a geo- 
metrical progression 


ee ee eee . 
2° 4°78 2" 
by a, 3 we thus have 
] 1 1 1 
an =e + q + eee + an = 1 _ Qn 
and the sequence (1) becomes 
| 1 l l 


I>, L—aa> ik ee 
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We evidently have a,-—>1(n— cc). Thus owing to the fact that 
] 
egee Ll = a Grey 2oes es 


and no matter how small « > 0, we can choose mp so great that 
n 
1/2° <¢, so that for every n > no: 


2. The one-sided limit of a function. We shall now consider 
the second basic type of process, 7. e. a process in which the basic 
variable x varies continuously, ?.e. it runs through all intermediate 
values; in doing so it can either increase indefinitely or decrease inde- 
finitely and thus remain limited, or it can become an indefinitely 
large quantity, z.e. its absolute value can grow indefinitely, Each 
case must be considered on its own merits; however, all cases have 
many common characteristics which enable us to treat them more 
briefly. In every case the quantity y which participates in a process 
is assumed to be an arbitrary function y = f (x) of the basic variable 
x and we are here trying to explain clearly the exact meaning of the 
statement “‘in the given process the quantity y tends to the limit 2”. 


Let us first consider the case when the basic variable x grows 
indefinitely and is a positive number (x —> + 00)*. 


This case is very close to the previous case and the only 
difference is due to the fact that here x runs through all intermedi- 
ate values in the process of its growth, whereas in the cther example 
ncould assume only integral values. As before the words ‘“‘from 
a certain moment onwards’? mean “beginning with a certain value 


A of x and for all its greater values”. ‘The exact meaning of the 
statement 

lim y = b or yorb(x>o) 

x— 


here is as follows : no matter how small the positive number ¢ ts, there exists 
a positive number A such that|y — b| < ¢ for any x > A. 


In cases where the basic variable x is a negative infinitely large 
quantity (x > — oo.), i.e. although it is a negative quantity its 


— 


* The notation x > © or x» + © is used to denote the indefinite growth of 
x, both when this growth takes place by jumps and when it is continuous; for this 
reason the actual type of variation should in each case be indicated in the text. 


_ 
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-absolute value grows indefinitely, the relationship » — 5b is obviously 
-defined in the same way: the relationship 

lim y=) or yb (x — oc) 

; Pie Sin) 

means that no matter how small « > O may be, there exists a positive number 
A such that | y — b| < ¢ for anyx < — A, 


Let us now consider the case when the basic variable changes 
-continuously (z.e. increases or decreases continuously) and remains, at 
the same time, a limited quantity. We shall learn in chapterIV that 
dn this event x tends to a certain limit a. If x grows indefinitely, 
then it approaches a from the side of the lower values (‘from the 
left?) and this is usually denoted by: x»a—O. If x decreases 
‘continuously then it always remains greater than the number a and 
approaches it from the side of the greater values (“‘from the right’’) ; 
this is denoted as: x—a+0. To begin with let us consider 
tthe first case (x < a, x—> a — 0). The words ‘‘from acertain moment 
of ‘the process onwards’’ evidently mean here ‘‘beginning with a 
‘certain value a —8<a of x, and for all values closer to a (and, of 
course, smaller than a); more briefly we can say: ‘‘for all values of 
x which satisfy the inequalities a - 8 < x <a”. The exact mean- 
ing of the statement 


lim y = b or y>b (x >a — 0) 

x—>a—0 
is as follows: no matter how small the number ¢ > O, there exists a positive 
number & such that | y — b| <€ for any value of x which satisfies the 
inequalities a—& Ke<a. 


The exact meaning of the statement given below is determined 
in a similar way 


lim y=) or y->b(x—->a-+0) 


x—>a+0 


and is formulated in exactly the same way except that the inequality 
a—&<x«x <a must be replaced by a <x <a+6. 


We have thus established the exact meaning of the concept of 
limit for all processes of the basic types which are used in mathe- 
matical analysis. Let us emphasize once again the fact that all 
arguments and results obtained in chapter II which were the same 
for all types of processes, are, of course, also valid for our new and 
more exact definition of limit transitions; the new definition does not 
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contradict in any way our old definition with which it is compatible— 
it only provides more exact specifications for cases of different kinds. 


Let us now make one more remark. Let us assume that the- 
quantity .y which participates in a certain process, does not tend 
towards a limit, but continues to grow indefinitely. Let us assume- 
that we are dealing with a process of the type x —> a — 0; we can,. 
therefore, write 


ye + 00 (x >a—QO). 


What is the exact meaning of this statement? From all that was. 
said above, we are able to answer this question without difficulty : no 
matter how small A > 0, there can be found a § > 0 so that we have y > A! 
for all values of x which satisfies the inequalitiesa ~8 Qu<a. 


By using this as an example, the reader will be able to find for: 
himself the exact meaning of the relationships y-> + oo and _y > — oo 
in any process of the type considered above. He will find this to be- 
an excellent exercise.* 


§ 15. The Development of the Concept of Limit Transitions 


The two types of limit transitions (the limit of a sequence and’ 
the one-sided limit ofa function), -7hich we considered in great detail 
in the previous paragraph, are of basic importance in mathematical’ 
analysis, for, all other more complicated types of processes which we: 
shall encounter in future can be broken down to those cases. How- 
ever, to make this reduction possible in every case, we must now 
develop somewhat the concept of a quantity which tends towards. 
a limit in a given process. 


Let us begin by considering a simple example which will show 
us the necessity and the course of this development. Let us assume: 
that the process in which we arc interested involves _ infinite: 
decrease of the perimeter p (‘‘basic” variable) of a certain rectangle 
where the form of this rectangle can change in the course of the: 
process in any way we please. Owing to the fact that in a rectangle: 
of perimeter fp, eachside is smaller than # / 2, the area s ot the rectangle: 
of perimeter p will always be smaller than p2/4. When p — 0, we: 


* Gf. problems 349-352, section 1 of the ‘problem book’ by B. P. Demidovieh: 
mentioned in the preface. The numbers of the problems as they appear in the- 
second edition, can be found on p. 622. 
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‘evidently have p*/4-— 0; therefore, the area s in our process (i.e. 
“when p — +0), is an infinitely small quantity, and we can write 


s > 0 (p+ +0). 


The exact meaning of this statement is determined in the usual way: 
no maiter how small < > O, there exists a 8 > O. such that the area of any 
-rectangle, the perimeter of which is smaller than 8, will be smaller than «. 


This example differs basically from all the examples which we 
‘considered so far. This difference is due to the fact that for a given 
perimeter #, the area s of a rectangle can have an infinite number of 
-different values, so that s is not a function of p. Owingto the fact that 
‘we have taken p as the basic variable in our process, and also because 
so far we assumed that the quantity participating in a given process 
‘is a function of the basic variable, we cannot, strictly speaking, con- 
-sider 5 to be a quantity which participates in our process; it is even 
less possible to speak of its tendency towards a limit. Here we are 
-dealing with a quantity whose value at every moment of the process 
(t.e., for every value of f) remains indefinite. At the same time it is 
still true to say that provided the perimeter p of the rectangle is 
«chosen sufficiently small, the area s of this rectangle, no matter what 
infinite number of possible values it may assume, will be as small as we 
please. More exactly: no matter how small < > 0, there is a8 > 0, 
such that for any rectangle with perimeter p < 8, we shall have s < ¢, where 
x ts any possible value of the area of a rectangle with a perimeter p. 


Hence the accurate meaning of the relation 
5 +0 (p> +0) 


which is generally accepted, remains valid for our example, in spite of 
the fact thats is not a function of p. It is, therefore, possible to apply 
to examples of this kind all propositions of general theory which were 
stated in chapter II. It is now only necessary to develop our mathe- 
matical interpretation of the phrase ‘“‘a quantity participating in a 
_given process” and to determine the concept of the tendency towards 
-a.limit as applied to this extended class of quantities. ‘The above 
-example shows quite clearly that this must now be done. To begin 
with, from now on we shall understand by a quantity which partici- 
pates in a process, any quantity y with regard to which it 1s known what 
values it can assume for any given value of the basic vanable x (i.e., at any 
-given moment of the process); it is thus evident that our former 
agreement that y must. always be a function of x is a particular case 
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in the wider definition which we now accept; we arrive at this parti-- 
cular case by assuming that the set of values which y can take for the- 
given value of x, is always a single number. Let us assume that our 
process is described by the relationship x + a + 0. In this case the 
exact meaning of the statement that in the given process lim y = ) 
(where y is a quantity participating in this process as given by our 
wider definition) involves the following: no matter how small e > 0,. 
there is a 8 > O, such that for any value of x confined between a and a + 6. 
and for any y possible for the given value of x, we have : 


ly - b| <e. 
If this requirement is satisfied, we can write : 
yorb (xn>at+ 0). 


Two-sided limit of a function. Let us now consider an impor- 
tant example of the application of the wider definition of the concept 
of limit transition as given above. ‘This example will show that our 
wider definition is already useful during our first attempt in mathe- 
matical analysis. 


Let us assume that y = / (x) is a function of x and let the value: 
of y get as close as we please to a number 5 when the value of «x is. 
sufficiently close to the number a (and is, at the same time, other 
than a). By now we are well-acquainted with the exact meaning 
of statements of this kind: no matter how small e > 0, there is a5 > 0, 
such that for every0 <\|x —a| <8, we have|y —b| <<. Symboli-. 
cally this can be written as follows 


yorb (|x—a|>+4 0). (1) 


According to our system of notation this symbol means that the 
quantity | x -- a| is the basic variable in the process under considera- 
tion and that » tends to the limit 6 in this process. But every given 
value ; « — a| = @ of the basic variable | x — a! corresponds to two. 
different values ofx: x =a-+a,x =aw— a, and therefore, there 
are, generally speaking, two different values of y: yy =f (a + a): 
and y = f (a — «). Hence for any value « of the basic variable, the 
quantity y can assume two different values and therefore, it is not a: 
function of a single basic variable. Nevertheless, our wider definition 
of limit transition enables us to write the relationship (1) and to. 
maintain that y tends towards b as its limit, when | x — a| > + 0.° 
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By the way, the process | x — a@|—» + 0 is usually written in 
the form x — a, so that instead of the relationship (1) we can write 


yp b(x— a). (2) 


The notation x — a, in contrast to the former notations x — a— 0 
and x +> a-+ 0, shows that in this case, x approaches the number 
a, but that it must not necessarily increase or decrease: it can 
change the direction of its transition and, in particular, become greater 
or smaller than a. Therefore, the limit of y when x -> a, which we 
just described, is known as the two-sided limit of a function. 


Let us remember once again that the exact meaning of the 
limit transition (2) involves the following : no matter how smalle > 0, 
thereis a 8 > O, such that for any value of x for whichO<|x— ai < 8, 
we have|y — b| <e. 


Let us now make one more important remark : in order that the 
number b should be the two-sided limit of y when x — a, it is necessary and 


sufficient that the one-sided limits of y, viz. lim y and lim y, should exist 
x->at0 x—>a—0 
and be equal to b. In fact letus assume that ¢ > 0 is given arbitrarily. 


If 

lim y = 38, 

x—>a 
then provided we have a sufficiently small 5 > 0, it follows from 
O<|x«—a|<8that|y—b|<s«. But ifa<«<a-+6, then 
even more so, | * — a| < 8, and therefore, we alsohave| y — 6| <e«, 
Thus when y > 4 (x > a+0), it can be shown similarly that this is 
also true when y > ) (x > a— 0). Let us now assume, conversely, 
that we are given y — 6, when x > a + 0, andwhen « +> a — 0, In 
that case, no matter how small ¢ > 0 we can find a 8, which is such that 
ly —b| <e,whena <x Sa + 8, and such a 8, that |y —b| <e 
whena— 85 <« <a; if we denote by & the smaller of the numbers 
5, and §6,, then a—8<x<a+5(* 4a), and we have 
|» —6|<¢; this shows that y— 6 (* a), which had to be 
proved. 


We can thus see that the process of two-sided approach of the 
variable x to the limit a simply involves the process of the one-sided 
approaches * > a+ 0 and «—a—0. This is the first example 
illustrating what was said in the note in § 14, z.e. that different types 
of analyses can be reduced to the study of the two basic types of 
processes. 


CHAPTER IV 
REAL NUMBERS 


§ 16. Necessity of Producing a General Theory of 
Real Numbers 


One characteristic of a variable quantity arises from the fact 
that in the course of a process it assumes different values. Each of 
these values is expressed in terms of some number. If, for example, 
temperature of air rises from 5 to 10°C, we naturally assume that in the 
course of this process it runs gradually through all the numbers from 
5 to 10. But what exactly do we mean by “‘all the numbers” ?  Itis 
evident that these numbers are not restricted to integers alone, for 
obviously there are moments when the temperature is equal to 65°C. 
Do we, perhaps, mean “all integers and all fractions” ? 


The set of all integral and fractional numbers (positive, negative 
and zero) forms the so-called set of rational numbers ; these numbers and 
the operations which can be performed with them are studied in 
detail, in arithmetic and algebra. The question whether these 
numbers are sufficient for measuring all the quantities which we are 
likely to meet in the study of the world around us is of great impor- 
tance, both in mathematics as well as in the accurate study of nature. 
In ancient Greece (probably in the Pythagoras school) a remarkable 
discovery was made, wz. that certain simple geometrical constructions 
lead easily and irrevocably to quantities which cannot be measured 
with the help of rational numbers. A simple case of this type is very 
well-known: if each side adjacent to the right angle in a right-angled 
triangle is of unit length, then according to the theorem of Pythagoras, 
the hypotenuse of this triangle should be such that its square is equal to 2. 
But it is easy to show that there is no rational number whose square 
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is equal to2*. ‘Therefore, if we want to restrict ourselves to rational 
numbers, we must admit that the hypotenuse of the triangle in ques- 
tion has no length; obviously we cannot arrive at this conclusion, for 
geometry cannot be based on this absurdity. Circumstances in the 
- outside world thus make it impossible for us to restrict ourselves to 
the set of rational numbers alone; it is therefore necessary to add a 
new type of numbers which we shall call irrational. One such number 
is 4/2, the square of which, by definition, is equal to 2. However, 
it must be remembered that the introduction of a new number 
is an easy matter which does not by itself have any significance; 
if we wish to make this newly-introduced number a fully valid 
number of the family of numbers, we must, to begin with, define 
its position in this family, 7.e. we must determine which rational 
numbers are smaller and which, greater than 1/2. In the second 
place, we must define all operations to which this new number can 
be subjected, (for we do not know, for example, what is meant by 
/2+ 1, 3/2, 1/+/2), and we must prove that these operations are 
subject to the same laws which govern operations with rational 
numbers (for example, we must show that 1/2 + 1 = 1 +4 1/2). 
All this can be done, though it would necessitate considerable effort ; 
however, the object we have in mind fully justifies this procedure. 
But let us assume that we already did all this. Sooner or later we 
shall meet another physical or geometrical problem which will make 
necessary to introduce another new number, the square of which 
is equal to 3 or 5, etc. It would thus no longer be possible to repeat 
in each case the same chain of arguments which we used for making 
4/2. a fully valid number. Let us now assume that we have found 
a way which would enable us to use a single method for introducing 
square roots of all natural numbers into the family of numbers (this 
is, no doubt, possible). ‘The possibilities of applications are hereby 
not exhausted. If we are'trying to find the length of the side of a 
cube, whose volume is equal to 2 m3, we must introduce the number 
4/2. And even if we do introduce roots of any degree of any 
rational number into the fainily of numbers, this will not be 
sufficient. On one hand, the required number is frequently defined 
as a root of a given equation; on the other hand, we know practically 


* If we have (p/g)2 = 2, then we find that p? = 2q¢?;letp = 27p’, 

.g = 289’, wherep’ andg’ are no longer even numbers. Then we have 
peal pc, 2g ts 2 28tl 9, 

and the equality p 2 = 2 q 2 leads to a contradiction, for its left side contaims 2 with 

_ an even index and the right side contains 2 with an odd index. 
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that there must be one such root, whereas theory shows that there 
is no such root among all possible rational and irrational numbers; 
and again we find it necessary to introduce a new number which we 
simply define as the root of our equation. Here again we must 
repeat the same argument which we used above in connection with 
the number 4/2. In practice, even the simplest geometrical problems 
may lead to difficulties of this kind. This is particularly shown by 
the following example in which we try to find the area of a circle of 
unit radius. We know that the area of a circle is defined as the 
limit of the areas of all inscribed (or circumscribed) regular polygons 
when the number of sides of these polygons increases indefinitely. 
We know from this visual representation and practice that a circle 
has an area; in reality, can we reconcile ourselves to the fact that 
such a simple figure as a circle has no area at all? At the same 
time mathematics tells us that there is no such limit among all 
the numbers so far handled, including the roots of all algebraic 
equations. Hence we have no alternative but to introduce a completely 
new number for measuring the area of our circle and repeat once 
again the chain of arguments mentioned above, in order to make this 
new number a fully valid member of our extended family of numbers. 
This new number is no other than the well-known number z. 


The above examples clearly show that the procedure is un- 
scientific and unpracticable, if, in order to solve a problem, for whose 
solution the existing numbers are insufficient, we find it necessary to 
introduce new numbers, define their position among the existing 
numbers, find and investigate the operations which can be performed 
with them, etc.,—in other words—to do all that is necessary to make 
them fully valid members of the family of numbers. It is thus quite 
clear that a general theory of irrational numbers must be produced ; we 
must find one general principle of origin of irrational numbers (the 
numbers studied so far are particular cases) which would include all 
the historically known examples of this kind, and thus guarantee that 
it will no longer be necessary to introduce further new irrational 
numbers. For numbers originated by this general principle, it will 
be necessary to repeat all arguments in general form, but this will in 
future enable us to operate with them in the same way as we do with 
rational numbers in elementary arithmetic and algebra. This is the 
only scientific approach to the problem in question. 


All this work is not a part of mathematical analysis—a science 
which deals with changes in quantities—but is part of the theory of 
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numbers; however, until this problem is solved, mathematical ana- 
lysis can have no stable basis ; in fact, as we have already said at the 
beginning of this paragraph, the values of all variable quantities are 
expressed in terms of numbers; therefore, we cannot even begin the- 
study of variable quantities without knowing the numbers which 
modern mathematics has at its disposal and the properties of this 
set of numbers. A short outline of the modern theory of this set of 
numbers is given in the next few paragraphs of this chapter. 


§ 17. Construction of a Continuum 


1. When we evaluate 2 with the help of conventional 
methods we obtain the following sequence of approximations for this. 
number : 


@g = 13; a, =4;5 ag= 141; ag = 1°414;... 


Each one of these values is a rational number (a finite decimal fraction} 
and each number is greater than the preceding number (or, at least, . 
is equal to it). The squares of these numbers tend to 2. * 


a’, —> 2(n—> 00 ). 


However, the numbers a, cannot tend to a rational limit: if such a 
limit r exists, then a, —> r would imply a,? — r?, andsince a,? > 2, 
we would have r? = 2; but this would mean that a rational number 
r exists such that its square is equal to 2, which, as we know, is. 
incorrect. 


We thus have the sequence 
Gay 215 QAo,+++34n ross (1) 


of well-known numbers; this is an increasing sequence, 1.e. we always. 
have dn +12 @n; at the same time this sequence has no rational 
limit. Wherever we are introducing the new (irrational) number 


* In fact, each one of the numbers a y is such that if we take its last decimal: 
place by one unit greater, we obtain a number whose square is > 2 ; hence 


1 \2 
an <2< (an + iq)» 
and therefore, 


0<2—4@ <(« + da) = an 4 () 30 (n> 00). 
* ee TO" " 10” 10” ‘ 
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4/2 whose square is by definition equal to 2, we are filling in, as it 
“were, a gap existing between rational numbers: our number must fill 
‘this gap in the set of rational numbers and be defined as limit of the 
‘increasing sequence (1). 


The situation created by the introduction of the irrational 
‘number 7 is very similar to the one which we have just described. 
Let us assume that the area of a regular n-gon inscribed in a circle 
-of unit radius is equal to s,,; in this case the numbers 


Gage Spee ew gS ey dee (2) 


‘form an increasing sequence and the number z is defined geometri- 
-cally as limit of this sequence. Here the position is somewhat compli- 
cated by the fact that the area s,, is, generally speaking, expressed in 
terms of irrational numbers; however, these numbers are among the 
simple irrational numbers and can easily be expressed in terms of 
roots of natural numbers; we can, therefore, assume that the area sy, 
is expressed by a well-known number. It now appears that the 
‘sequence (2) has no limit either among rational numbers or even 
-among the numbers of the wider class in terms of which the area s » 
is expressed. ‘Thus by re-introducing our new number 7 we are filling, 
-as it were, a gap existing in the set of all the numbers we have met 
‘so far, and this number is the limit of the increasing sequence (2), 
i.é. 1t is a limit which did mot exist among the numbers we have 
|known so far. 


Let us assume now that we are given an arbitrary increasing 
sequence 


TP acan 4 teen Va ey Sey) (3) 


of rational numbers. ‘To begin with, we must distinguish two cases: 
the number 7, can grow indefinitely as n increases; or a positive 
number C' can exist such thatr, < C for any n. In the first case 7» 
is an infinitely large quantity when n -> 00, and therefore, it cannot 
‘tend to a limit. We shall, therefore, concentrate on the second case, 
remembering, that for the moment we only have rational numbers 
at our disposal. In the case under consideration the sequence (3) is 
‘bounded ; it may happen, however, that it has a rational limit r; thus 
‘the sequence 
] l | 


ry =i - — To = =< . m=—I|l-—-—, 


7? pores ee ae 
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is an increasing bounded sequence which tends to unity as its limit: 


0 ae aaa al (n —» 00 ). 

It may also happen that the bounded increasing sequence has. 
no rational limit; thus, for example, the sequence (1) of approxima- 
ted values of 4/2 is evidently an increasing bounded sequence (all' 
ay <2), but at the same time we have seen that it has no limit. 


Let us now agree (in the same way as we did when introducing 
the irrational number 4/2) that every time when we deal with a bounded ' 
sequence (3) of rational numbers, for which there ts no rational limit, we shall’ 
take a new irrational number as its limit.* We have’thus established a 
general principle of origin of irrational numbers. Having made this. 
agreement, we have also defined the whole set of irrational numbers. 
We shall see later that the set satisfying this definition has, in fact, 
taken some final form; in future we shall not introduce other new 
numbers apart from those defined by our agreement. 


2. Example. Let us assume that a, = (1 + 1/n)", (n= 1, 2,...), 
so that all the numbers a, are rational (a;=2, a, = 9/4, ag = 64/27, 
etc.). We will show that the sequence of numbers a » is an increasing 
bounded sequence and that has an upper limit. According to the- 
binomial formula we have : 


* We shall show at the end of this paragraph that this number does, in fact, - 
satisfy the definition of a limit. 
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‘Similarly, 
mne(teea)- 
ai J 2 
= Besa 


ee anGe 


A comparison of the right-hand sides of the formulae (4) and (5) 
-shows that in the sum (5) each term is greater than its corresponding 
term in the sum in formula (4), since the replacement of n by n + 1 
‘causes an increase in each small bracket in formula (4) ; moreover, 
there is an additional term in formula (5) corresponding to k=n-+ 1 
‘which is absent in formula (4). Therefore 


An+1 > an (n = 1,2,...); 


.t.e. the sequence of numbers a, is increasing. It also follows from 
formula (4) that for any n 


n 
<1+P) 4. 


k=] 


.and owing to the fact that k! > 2*-1 fork > 1, we have 


k=1 = k= 


-and this shows that the sequence of numbers a, has an upper limit. 


In accordance with the accepted principle of origin we should 


therefore, assume that this sequence has a limit lim a, = e (rational 
n—e © 
-or irrational). Further analysis, which we are unable to give here, 


shows that the number ¢ is an irrational number.* We shall later 
see that this number ¢, like z, is one of the most important numbers 
in mathematical analysis; we shall meet it againin many chapters of 
‘our coursee ‘The first few decimal places of this number are as 


follows : ¢ = 2.71828... 


* This means that the sequence of numbers @ p has no rational limit. 
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It is obvious that the above argument is only the first step to 
produce a general theory of irrational numbers. All rational 
numbers and all irrational numbers which we introduced on the 
basis of the principle of origin are real numbers. ‘The set of all 
numbers is called continuum. ‘The continuum represents the set of 
‘values’ which can be assumed by a “‘continuously”’ varying quantity. 
The basic aims of the theory of continuum are as follows : (1) to intro- 
duce ‘‘order’’ among the set of real numbers, 7.e. to determine under 
what conditions one real number is greater than, equal to, or smaller 
than the other; (2) to determine ‘all algebraic operations which 
-can be performed with all real numbers and (3) to establish the laws 
which govern these operations. All these problems are satisfactorily 
‘solved by modern mathematical theory—all operations within our 
‘wider region of numbers are subjected to exactly the same laws as 
‘operations with rational numbers. Moreover, the number of 
-operations which can be paqrformed becomes wider : thus when 
‘dealing with real numbers, we can, for example, extract roots of any 
natural degree of any number (except for roots of an even degree of 
negative numbers, for they are no longer real, but imaginary 
numbers, and we are omitting them here). Within the scope of this 
course of mathematical analysis, we are unable to give sufficient 
attention to the development of this theory and we must, therefore, 
-accept its conclusions as a ready basis for our further investigations. 
We shall thus restrict ourselves toa few brief remarks on this problem. 
The reader who isnotinterested in the theory of continuum can omit 
tthe points 3, 4and 5 of this paragraph and pass on directly to point 6. 


3. Jet us assume that the increasing sequence 7, 7ro,..., 
Yn». defines a real number x. If all the numbers 7, from a certain 
‘number k onwards, are equal to one another, 7.¢. rp = 7k41 = 7k+e 
= ...=7, then evidently » = 7, and «isa rational number. This 
‘sequence ry is called stationary sequence; it is obvious that if « is an 
irrational number, the sequence determining this number is never 
‘stationary ; however, if « is rational, the sequence r,, can be station- 
ary [rz =a, n= 1, 2,...], or non-stationary [7, = « — 1/n, 
n= 1,2,...]. This shows that in the construction of continuum, 
-we could restrict ourselves to the consideration of non-stationary, 
increasing sequences of rational numbers. 


Let us assume that we are given two non-stationary increasing 
bounded sequences of rational numbers 


Troe, eee Tnx eres (r) 


Szxs Sq yee ey Snyeoes (s) 
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As we know, each sequence originates a real number which can be: 
rational or irrational. Let us assume that « is this number [for the 
sequence (r)] and 6 [for the sequence (s)]. We must now solve the 
problem, which of the three possiblerelations «<< 8,2 >6,%=8 
applies in this case. | 


Let us agree to say that the sequence (s) is a major (exceeding) 
sequence as compared to the sequence (7), if for every number r, of” 
the sequence (r), a number s ,, of the sequence (s) can be found such 
that 5, > 7, (meaning of this inequality is clear, since the numbers 
r, and s,, are rational). We can have four different cases : 


(1) (s) is major as compared to (r) and (r) is major as com-- 
pared to (s); 


(2) (s) is major as compared to (r) but (7) is not major as. 


compared to (s); 


(3) (r) is major as compared to (s) but (s) is not major as. 
compared to (7); 


(4) (s) is not major as compared to (r) and (r} is not major as 


compared to (s). 


It can readily be seen that the fourth case is impossible. In 
fact, if (s) is not major as compared to (r), then a number 7, can be: 
found such that s,, <r, for any m; but it is obvious that in this case: 
(r) is major as compared to (s). We, therefore, only have to consider - 
the first three cases. In case (1) we are assuming that « = 8, in case- 
(2) that « << B and in case (3) that « > 8. These assumptions uni-- 
quely define which of the three relations applies to any pair of real. 
numbers. It can readily be shown that in tlie event when both 
numbers « and 8 are rational and (r) and (s) are strictly increasing. 
sequences, the above concepts of equality and inequality would, as: 
expected, coincide with the conventional concepts. 


We must now find out whether the definitions of equality and! 
inequality of real numbers, as given above, possess the same proper-- 
ties as those for rational numbers. Let us consider, for example, the 
transitive property, which is due to the fact that« <p andp <Y 
implies « <Y. This is a well-known property of rational numbers ;. 
but for real numbers it must be proved on the basis of our definition. 
of equality and inequality. This can be done quite easily: to begim 
with, we must establish the transitive property of majority, i.e. if 
(s) is major as compared to (r) and (¢) is major as compared to (s); 
then (¢) is major as compared to (r). 
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4. After establishing all necessary propertics of equality and 
inequality, the theory of continuum tries to establish the operations to be 
performed with real numbers, e.g. how to determine the sum « + 8 
of two real numbers. Let us assume that « is defined by the sequence 
(r) and 8 by the sequence (s) ; then 


PPP Site Sen teat KR Si hoes (t) 


is evidently an increasing bounded sequence of rational numbers; the 
real number Y thus defined is naturally the sum « + 6 ofthe numbers 
vy and ®. Itcan readily be shown that when « and 8 are rational, 
this definition of a sum coincides with the conventional definition. It 
can also be shown that this definition of addition conserves all rules 
of operations as they apply to rational numbers; thus, for example, 
the interchange of terms in addition (z.e. the rule « +8 = 6 + a) 
follows directly from the definition, because an interchange of posi- 
tions of the sequences (r) and (s) does not alter the sequence (t). 


Other operations with real numbers are determined jn a similar 
manner, and the properties of these operations can be shown to be 
the same as those of the corresponding operations with rational 
nunmibers. ‘We shall not consider subtraction, multiplication and 
division of real numbers, raising these numbers to integral positive 
powers or extraction of roots of integral positive powers. We 
shall only consider the definition of the expression a*, where 
a >O0 and +x is any real number (the definition. of an exponential 
function). Let us assume that a > 1; then the rational a* is 
also defined for any x, and is a rational function of x; in fact, if 
y = p/qand r’= p’/q are rational numbers and ifr <r’ (p < p’), 


7 


1 1 
Lee ae, v)) wed p? 
then a@% > 1 and therefore a’ = (2 4 ) < (« a ) ar ae 


Let us now assume that the real number « is defined by the 
increasing bounded sequence (r) of rational numbers. In this case 
the sequence 


is evidently bounded, and it follows from the above proof that it is 
also an increasing sequence. Hence it defines some real number 
which is evidently the number a*. In this way the exponential 
function a* is defined for any real x; at the same time we also estab- 
lish the fact that this is an increasing function (ifa > 1), and a de- 
creasing function (if@ <1). A logarithmic function is defined in a 
similar way. 
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It follows from these definitions that the known properties of 
the rational values of arguments of these functions also apply to alk 
real values; thus we have in all cases a*+¥ = a*a®, log, (xy) 
= log, x + log, J, etc. 

We are unable to pay greater attention to these problems. 
within the scope of this course. 


5. There is, however, one more point which must be clarified. 
In the above wording of the principle of origin of real numbers, we: 
said that the number'@ has originated from the increasing bounded. 
sequence of rational numbers 


eee, SOR SE (t) 


and is assumed to be limit of this sequence. To convert this state-- 
ment into a real tool of investigation, we must prove it; having learnt 
the arithmetic of real numbers, we are now, in principle, able’ to do. 
it. It is evidently necessary to prove that no matter how small « > 0, 
we shall have for all sufficiently large n: 


C= iy — Ss 


To begin with, let us prove the following auxiliary result on: 
sequences of rational numbers. 


Lemma. Let (r) be an increasing bounded sequence of rational 
numbers. In that case, no matter how small ¢ > 0, there is an index ng , 
such that n > no form > ng, and we always have.ry — Ty < ¢. 


Proof. Let us assume that the statement expressed by the: 
temma is incorrect, 27. e. that there is an ¢ > O such that the in- 
equality 

le Te = 
is satisfied for all values of n and m which can be as large as we 
please. In this case, no matter how large the natural number k, 
there are k pairs of indices (m;,;) (1 <i < &) such that 
My ON, Mg Ng Se... Cm <n, 
and 
Tn — Tm 2e (Il<ig¢h); 


2 
but in this case 


r Fm = (Tn asf v(t —? )+ Tn = 7 
"ke 1 k m) kb eee py se 


+m ) —T eee Ck aed te als 


n 
&£-—1 k-2 
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for the first, third, fifth, etc. brackets are not smaller than ¢ and the 
second, fourth, etc. brackets are positive. Hence 
SL 

U igaee Ke + ti 
Owing to the fact that k can be as large as we please, the sequence 
(r) will contain terms which are as large as we please, and this con- 
tradicts the fact that it is a bounded sequence. This proves our 
theorem. 


Let us now assume that ¢ is an arbitrary rational number; it 
follows from the above lemma that rp — rz < ¢ for a sufficiently 
large § and for any 7; therefore, the sequence 


c,e € 


per eg Soe 


is A Major sequence as compared with 
et ae ee oe ee 2 ee 


which evidently gives the real number « — rz; owing to the fact 
that the sequence (e) gives the number ¢, we have by virtue of the 
definition of inequality of real numbers 


“a—meoe™e., 
for sufficiently large k. 


This proves the proposition for a ratzonale ; but owing to the 
fact that for any real e > 0, we can find «’ > 0, smaller than c, we 
would prove the proposition for any real<e > 0. 


We must also draw attention to the fact that the principle of 
origin of irrational numbers accepted by us is by no means the only 
possible method ; in the second half of the last century, when the 
necessity of producing a general theory of real numbers became 
apparent, several such theories were advanced almost simultaneously 
and each theory had its own principle of origin; it later became 
obvious that all these theories are basically equivalent:so that the 
choice of theory should be governed not so much by principle as by 
the convenience of the method of treatment and its applications. 


6. The wider set of numbers which we are now studying, is, 
as we know, by no means the first in the historical development of 
numbers. To begin with, we learn about the natural numbers in 
arithmetic, to which subsequently zero, negative and fractional 
numbers were added. Thus asa result of successive additions, the 
set of rational numbers is obtained. Our principle of origin adds to 
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them all irrational numbers and thus develops it into the set of real 
numbers, i.e. into the continuum. We know thatall previous additions 
to the set of numbers were prompted, to greater or lesser degree, by 
our wish-‘to be able to perform some operations under all possible 
conditions, which could otherwise not always be achieved with the 
help of the older system of numbers. ‘Thus the introduction of zero 
and negative numbers enabled us to deal with all cases of subtraction ; 
the introduction of fractions produced the same result with regard to 
division (with the exception of division by zero which, by the way, 
still remains impossible even within our new system of real numbers) ; 
the introduction of irrational numbers was prompted by our desire to 
be able to extract roots. This tendency to deal with operations, 
which could not always be performed otherwise within the existing 
set of numbers, was prompted in mathematics not so much by an 
abstract argument leading to a formal goal (as it issometimes believ- 
ed), but by practical necessity ; this is best seen by examples like 
those introduced at the beginning of this chapter ; thus we were 
unablc to obtain results in cases where the length of the diagonal of 
a square of unit side, was required, or, when we were trying to find 
the area of a circle of unit radius, because the set of numbers at our 
disposal was insufficient for this purpose. 


A strict scrutiny of our principle of origin thus shows that the 
introduction of the wider set of numbers was prompted by our wish 
to be able to perform certain operations under all circumstances 
whereas this could not always be achieved with the help of rational 
numbers alone. This involves the creation of a limit of a bounded increas- 
ing sequence of numbers. ‘This is no longer an_ arithmetical operation. 
One of the characteristics of an arithmetical operation is that all 
arithmetical operations are always performed with a finite group of 
numbers ; on the other hand, our operation requires the existence of 
an infimte sequence of numbers, and with the help of all these numbers 
a new number is originated, which is the limit of this sequence. This 
is an analytical operation, 2.e. one of the first and simplest operations 
of mathematical analysis. 


The widening of the existing set of numbers which was 
undertaken in order to guarantee performance of any operation with 
numbers achieves its goal only if the operation is possible within the 
wider range of numbers. We must therefore convince ourselves that 
every bounded increasing sequence has a limit within the range of real numbers. 
However, this can readily be proved. In fact let 


%1,%o 5-2-0, Ay yee. (6) 
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be one such sequence, i. ¢. %,4, >> én for any mn, and there is a 
number C which is such that «, < C for any n; here all «, are 
arbitrary real numbers. 


If from a certain place onwards, all the numbers in the sequence 
(6) are equal toone another, then the common value of these 
numbers will evidently be the limit of the sequence (6) ; therefore, we 
can right from the beginning reject this case and assume that the 
sequence (6) contains an infinite number of different unequal numbers. 
Let us assume that these different unequal numbers in the sequence 
(6) increase in the following order 


Rr Ce Rene ar arr cor rarer as frm en aot 


Denoting by 7, any rational number between 8, and 6+, *, 
we have 


Bye Se ba Pon Bee a = Coy ee 


y 
The sequence of the rational number 7, is evidently an increasing 
bounded sequence with an upper limit, and therefore, according to 
our principle of origin, it tends to the limit « (which can be rational 
or irrational) ; owing to the fact that rpz_; <B»< rn, we have, 
according to theorem 10, § 11,8,—>«(n-—» o). But the sequence 
(6) consists of the same numbers (6, , each of which is, generally 
speaking, repeated several times; thcrefore, «, —> « (n > ©). 


We can thus say that our aim to find a region of real numbers 
(continuum) by extending the region of rational numbers has been 
achieved ; the new operation is one of the basic operations of mathe- 
matical analysis which involves transition from an increasing 
bounded sequence to its limit, and can readily be performed within 
our extended region of numbers. 


This property of continuum is of fundamental importance in 
the purely logical construction of mathematical analysis as we shall 
see in later sections. 


§ 18. Fundamental Lemmas 


The fundamental property of continuum which we have just 
established above enables us to draw far-reaching conclusions which 
tend to define more fully and in greater detail the set of real 

* The arithmetical theory of real numbers shows that infinitely many rational 
numbers can be taken between any two real numbers. 
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numbers, its structure and the laws governing them. We are only 
interested here in conclusions which can be applied most generally 
to the structure of mathematical analysis. We shall establish several 
such theorems in this section; we call them ‘fundamental lemmas”, 
because each of them essentially contains one of the most frequently 
encountered methods of application of continuum to the structure of 
analysis. ‘Thorough comprehension of these auxiliary propositions 
which will frequently be referred in future enables us to simplify and 
abbreviate subsequent treatment of the subject. 


Let us understand by a linear section a set of all real numbers x 
which Satisfy the inequalities a < x < b, where a and b(a < 6b) aretwo 
arbitrary real numbers ; we shall assume that this linear section con- 
tains both its “‘ends’” a@ and 6; under such circumstances it 1s some- 
times said to be a ‘“‘closed”’ section, in contrast to an ‘“‘open”’ section 
which is defined by the inequality a < x < db (not containing its ends). 
Let us call the sequence of sections 


Ais Be3025 Anes. (1) 


(contracting if 1) all points of the section A,, +, belong to the section 
An for any n (symbolically Anti = An), and (2) A, > 0 
(n > o0 ), where A, denotes the length of the same section. 


Lemma 1 (on contraction of a sequence of sections). Jf (1) is 
a contracting sequence of sections, then a single number a exists which belongs 
to all sections A» - 


Proof Let us denote by a, and b, the left and right ends of 
the section A, respectively ; then it is evident that a, <a, <... 


San K..., and a, < 6, for any n; hence the sequence of numbers 
a, iS an increasing sequence bounded from above, 7.e. lim a, = «@. 
Nn—> oO 


Let us now assume that f is an arbitrary natural number; ifn > &, 
then the section A, belongs completely to the section Az, so that 
ak San < 5by3let usnowassume thatn — oo and kremains constant; 
owing to the fact that at the same time a, —> 00, we have from the 
last inequalities of theorm 9, § 11 


ay ae<cdby, 


t.e. the number « belongs to the section Ax; also in view of the fact 
that / is arbitrary, it follows that « belongs to all sections of the given 
sequence. In order to prove uniqueness of this number let us assume 
that there is yet another number 8 > « which also belongs to all 
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sections Ax; in that case the length of each of these sections should 
not be less than B — «, which contradicts the condition that 
Az > 0 (k-— ©). Hence lemma 1 is proved. 


Let us now assume that we are given a system of sections (5) 
(finite or infinite). Let us agree to say that the system (S) covers a 
certain section A if each one of the numbers belonging to A lies 
within at least one of the sections of the system (S).* 


Lemma 2 (on finite coverage). Jf the system (S) covers the section 
A, then a finite system of section can be chosen from itt which would also 
cover the section A. 


Proof. For the sake of brevity we can say that an arbitrary 
section § permits finite coverage if it can be covered by a finite group 
of sections chosen from the system (S). We shall prove converse of 
lemma 2, 7.¢. we assume that the section A does not permit finite 
coverage and thus try to show a contradiction. Let us divide the 
section A into halves; if both halves permit finite coverage, then the 
whole section A_ will evidently also 
permit finite coverage; but since it — i 
does not permit finite coverage, it peer az RRR et 
follows that at least one half of it 
does not permit finite coverage; let us 
denote this halfby A, (ifneither half permits finite coverage A, would 
denote either half). ‘The section A, which does not permit finite 
coverage is again divided into halves, and we denote by Ag the 
half which does not permit finite coverage. We can continue 
this process ad infintum and obtain a_ sequence of sections 
A, Ai, As,.-., An, none of which permits finite coverage; these 
sections evidently form a contracting sequence; therefore it follows 
from lemma | that a number « exists which belongs to all those sec- 
tions. Since « belongs to thesection A which is covered by thesystem 
(S). it follows that « lies within at least one section A* of the system 
(S). But each of the sections A, contains the number «; also the 
length of the section A, tends to zero as n increases, and therefore 
the section A, will lie completely within the section A* for a suffi- 
ciently large n (Fig. 9). This gives us the necessary contradiction: 
on one hand the section A, does not, by its definition, permit finite 


* We must emphasize the importance of the condition that each number of 
the section A must lie within one of the sections of the system (S) and should not 
simply belong to it ; if it were the case, then lemma 2 would not be true. 


72 A COURSE OF MATHEMATICAL ANALYSIS. 


coverage while on the other it is covered by one of the sections A * 
of the system (S). Lemma 2 is thus proved. 


We shall now introduce a very important concept of bounds of 
the given set of numbers. The set Jf of real numbers is said to have 
an upper bound if a number C exists such that all numbers of the set 
M are smaller than C; thus the set of all negative numbers has an 
upper bound (where C can be zero or any positive number); on the 
other hand the set of all positive numbers has no upper bound. 
Similarly the set M@ is said to have a lower bound if there is a number 
C’ such that all numbers of the set M are greater than C. A set 
which has an upper and a lower bound is simply said to be bounded. 


We now say that the number is the upper bound of the set 
if this set does not contain numbers which are greater than 6, there: 
exists a member of the set which is greater than @ — ¢ for an 
arbitrarily small « >-0. Similarly we say that the number « is the: 
lower bound of the set M if this set contains no numbers smaller than 
%, but there exists a member of the set which is smaller than « + <. 
for smalle > 0. It is thus obvious ‘that the upper bound is the 
smallest number which do not exceed any number of the set Af; a 
similar case applies to the lower bound. 


Example. The set of positive rational numbers whose squares 
are smaller than 2 has 0 as its lower bound and 4/2 as its upper 
bound. 


In general, both upper and lower bounds of the set Mf may or 
may not belong to this set. The upper and lower bounds of a section 
evidently coincide with its endsand always belong to it; on the other 
hand in the above example the set under consideration does not 
contain its lower bound (since it is not positive), nor its upper bound 
(since it is not rational). 


A set which has no upper limit cannot have an upper bound, 
for there is no number ( in comparison to which all numbers of the 
given set are smaller. For the purpose of analysis it is important to. 
note that a set with an upper limit always has an upper bound (and 
only one); similarly, a set with a lower limit always have a single: 
lower bound. The theorem on existence of bounds for bounded sets. 
(which is by no means self-evident) is one of the most important 
properties of continuum. It can readily be shown that, for example, 
the set in our last example has an upper limit, but that within the 
region of rational numbers it has no upper bound. 
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This theorem is proved in the same way for the upper and’ 
lower bounds so that we only need to prove one of these cases. 


Lemma 3 (on existence of bounds for bounded sets). The set: 
M which has an upper limit has a single upper bound. 


Proof. Let us say that a section is normal if it contains at least 
one point of the set M, and to the right of this point there is no point 
of this set. It can readily be shown that from the two halves of a 
normal section at least one half will always be normal; in fact, if the 
right half contains at least one point of the set M7, then this right half 
will evidently be a normal section; if, on the other hand, the right 
half contains no points of the set M, then the left half will be the: 
normal half. 


Let us assume that @ is an arbitrary point of the set Jf, and 6 
is an arbitrary number which exceeds all numbers of the set M. 
The section (a, 6) = A, is evidently normal; let A, denote its 
normal half, Ag the normal half of the section Ag», and generally, ° 
Ans. the normal half of the section A, (n=1,2...). Thesections. 
A;, Ao,--++; An... form a contracting sequence, and therefore, 
according to lemma 1, they havea single point 8 in common. We 
now maintain that B is the upper bound of the set MM. To begin. 
with, we must prove that there are no points of the set Uf to the right 
of 8; let us assume that « > @ belongs to the set Mf; each section 
An contains the point @; but if this is so, it must also contain: 
a, for if it were to end more to the left, then the point « of the 
set Jf would lie to its right, and it would no longer be normal. 
Therefore, each of the sections A, contains both points B and «, and 
therefore its length is not less than «—f; however, this is impossible, 
since A, —->O(n— 0). Hence there are no points of the set J to 
the right of the point 6. 


Let us now assume that ¢ isan arbitrary positive number; 
when 7 is sufficiently large, A, < ¢; and since A,» contains 8, 
all points of the section A, lie to the right of 8 — ¢; but since the 
section A, is normal, it does not contain a single point of the set M 
to the rightof 8 — «. Therefore, no matter how small <« > Othereis a 
point belonging to the set M which hes to the right of B — ¢; this. 
means that 8 has also the second property of the upper bound and 
therefore it is, in fact, the upper bound of the set J; existence of the- 
upper bound is thus proved. The fact that it is impossible for a 
given set M to have two different upper bounds is almost self-evident ; 
if there were two such bounds £, and Bg (By < se), then it would 
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‘follow from the first property of the bound B, that no number of the 
set If can lie between B,; and £,, whereas, according to the second 
property of the bound £., there must exist such numbers which leads 
to the required contradiction. Lemma 3 is thus proved. 


§ 19. Final Points in Connection with the Theory of Limits 


In chapter II we constructed the basic theory of limits. How- 
ever, some of the more important propositions of this theory could 
only be established on a more accurate basis which we now have at 
our disposal after having studied continuum and its fundamental 
properties. In this section we shall, therefore in a way, supplement 
our present knowledge of limits. 


1. To begin with, let us consider changes in the increasing 
bounded quantities within a widerscope. If a, belongs to an increas- 


ing sequence of real numbers bounded from above, then a lim a, 
n— 0c 


must exist; (this follows from the last theorem in § 17). But we know 
that a sequence of numbers is the only way to describe a mathe- 
matical process. If we are given an arbitrary process described by 
any method, we shall naturally say that the quantity « which parti- 
cipates in this process is an increasing quantity if for any two given 
moments of the process its value at the later moment is not less than 
its value at the earlier moment. We say that the quantity x has an 
upper limit in the given process if there is a aumber C, such that from 
a certain moment of our process onwards we always have x < C. 
It is evident that the increasing sequence with an upper limit, which 
we have considered at the end of § 17, is a particular case in the 
general system of increasing quantities with upper limits. We shall 
see that the theorem at the end of § 17, which was proved for this 
particular case, remains valid for our general system. 


Theorem 1. very increasing quantity which is bounded from above 
hos a limit. 


Proof. Owing to the fact that the quantity * is increasing, and 
bounded from above, there must be a number C’ such that always 
x < C; therefore, the set M of the values taken by + is bounded from 
above, and, in accordance with lemma 3 $18, it has an upper bound 
6. Let ¢ be a positive number which can be as small as we please. 
In accordance with the second property of an upper bound, there 
must be a number in the set M (i.e. x will sooner or later take this 
value) which is greater-than @ -- €; since x is an increasing quantity, 
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all its subsequent values will be greater than 6 —«. But it 
‘follows from the first property of an upper bound that no number of 
the set Mf exceeds 8. Hence from a certain moment onward we 
alway have: 


B—ex<xc 8, 
_and therefore 
if a8.) ee es 


but since the number ¢ is as small as we please, therefore in this 
process x» 8. ‘This proves theorem ]. 


It is evident that this theorern remains valid for a decreasing 
‘quantity which is bounded from below. 


We have so far said that x increases in the given process if its 
value *, at a later moment of the process is never smaller than its 
‘value «, at an earlier moment: x, >.x,. Thus an increasing 
quantity either increases in the course of the process or maintains its 
‘former value but it never decreases; therefore, we can naturally say 
that this quantity is non-decreasing and reserve the term “‘increasing”’ 
for quantities for which we always have x, > x, with no possibility 
of equality. We shall use this terminology in future. Thus, for 
‘example, as increases, the quantity 4x? also increases, but |x| (c.f. 
§ 4, example 1) isa merely non-decreasing quantity. It is obvious that 
‘every increasing quantity is at the same time also a non-decreasing 
quantity, but the converse is not true. Similarly we say that x is a 
decreasing quantity if we always have x» <x, and that it is a non- 
increasing quantity if we always have x, <x«,. All non-decreasing 
and all non-increasing quantities are called monotonic (they always 
change in the same direction). Hence, in general, theorem | can be 
stated as follows: a monotonic quantity which is bounded in the direction of 
its change always has a limit. 


2. Let us now consider a new problem. We have just shown 
that for a monotonically changing quantity, boundedness in the ap-. 
propriate direction serves as a sufficient condition for existence of a 
limit. In general, when a quantity does not change monotonically, 
it is often important to find if this quantity has a limit in the given 
process. A necessary and sufficient condition also exists for the 
general case, as we shall later see and is of great theoretical impor-. 
tance. We formulate and prove this condition for the general case 
as follows: 
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Theorem 2 (criterion for existence of a limit). Jn order that x 
should in the given process tend to a limit, it is necessary and sufficient that, no - 
matter how small the positive number ¢, from a certain moment of the process 
onwards, two arbitrary values of x should differ from one another by not less 
than €. 


Proof. We shall break up the condition of sufficiency into three 
stages. 


1. According to the conditions of the theorem, there will be a 
moment in our process after which two values of x will differ from 
one another by less than unity. If at the moment in question x — Xo, 
then for all subsequent moments 


Xp —-l<c«x«<xw,tl. 


Hence the set of values of x is, from that moment onwards, fully 
contained in the section A with ends x,y — | and x, + |. 


2. Let us call any section 5 normal if, from an arbitrary 
moment of the process onwards, x takes values which still belong 
to the section 5 (this can be stated more briefly by saying that the 
normal section contains: values of « which can be “as late as we 
please’’). It is evident that (1) the section A is normal, and (2) if the 
given section is normal, then at least one half of it is also a normal 
section. This latter circumstance enables us to use the conventional 


method for constructing a contracting sequence of sections without 
the use of A 


A; Ar, Asses. s Any eres 


in which each section represents the normal half of the preceding 
section. The common point of all these sections {which exists, as . 
shown by lemma ], § 18) is denoted by a. 


3. Let us prove, finally, that lim «=a. Let « be an 
arbitrary positive number. Let n be so large that A, < $e. Let 
us fix a moment of our process so that from that moment onwards 
two arbitrary values of x differ from one another by not less than 
4. Since the section A, is normal, it contains a value x, which 
x takes after the moment in question. Hence for any value x2 taken 


after that moment, we have, as a result of the choice of that moment, 


lve — x, |< de. 
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But on the other hand, since both a and x, belong to the section A ,, 
whose length is not less than 4¢ we have 


|xy —- aj < de. 


We find from the last two inequalities : 
|vg—al<e; 


where < is an arbitrary positive number and x, an arbitrary suffi- 
ciently late value of x (which it takes after the chosen moment). But 
this means that lim v = a. 


.Vecessity of our condition can be proved very simply: if 
lim x =a, then for any two sufficiently late values x, and “, of x 
we have 


| ¥;— a] < fe, Ivo —a|< ke, 


hence 
| vy = Big <— zy 
which was to be proved. 


The proved condition is very useful in theory, but for proving 
‘existence of a limit in individual examples it-is rather rarely used; 
this is due to the fact that in majority of examples, it is rather difficult 
to determine whether the requirements of this condition are satisfied.* 


We have proved the criterion for existence of a limit in very 
-general terms for processes of all types. Evidently when we are 
trying to apply this criterion to the mathematical structure of a given 
‘process, as we did in § 14, the general criterion gives us a definite 
‘condition in relation to the process of the given type. 


Let us now state other more important special conditions of 
‘this type. 

1. In order that the sequence of real numbers a,, Qo, ..., Qn... 
‘should have a limit, it is necessary and sufficient that the following condition is 
satisfied ; no matter what the positive number < be, there is a natural number 
ng such that|ay, —Qm|\<<¢forn > no9,m> no. In other words, 


* This condition is often known as Cauchy’s criterion; in general it is usual 
‘to use the term crilerion in connection with conditions which are simultaneously 


necessary and sufficient. ‘ 
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any two “sufficiently far removed” terms of the sequence should. 
differ from one another as little as possible. 


2. In order that the function y = f(x) should have a limit for x >a, 
it is necessary and sufficient that the following condition is satisfied : no matter 
what the positive number « be, there exists another positive number 8 such that 
we always have | f(*1) — f(*2) | <« for |x;—a|< 8|x,—a|< 5. 
(1 4 a, %2 a). In other words, the values of the function f(x) at 

.two different points sufficiently close to a should differ from one- 
another as little as possible. 

3. In order that the function y = f(x) should have a limit as x 
increases indefimtely (x —> + 00), tt is necessary and sufficient that the 
following condition 1s satisfied : no matter what the positive number € be, there: 
exists another positive number A scuh that we always have| f(x) — f(*2)|<e 
for x1 > A, x, > A. In other words, the values of the function f(x) 
for two sufficiently large values of x should differ from one another: 
as little as possible. 


Finally, at the end of thc section on limits, we find it necessary 
to say that in order to acquire practice in the evaluation of limits, it is. 
necessary to solve many examples. Many instructive examples of’ 
this type can be found in the Problem Book by B.P. Demidovich, in. 

‘which problem Nos. 38, 40, 41, 42, 48, 50, 50-58, 60, 68, 76, 109-112,. 
357-365, 376-380 (section I) are particularly useful. * 


= 


* At the end of this book the numbers of these exercises are given as they 
appear in thg second cdition of the “Problem Book”’ by B.P. Demidovich. 


CHAPTER V 
CONTINUOUS FUNCTIONS 


§ 20. Definition of Continuity 


After the preliminaries we can now study the main problem of 
mathematical analysis, viz. the problem of functional dependence. 
But even now we must approach our subject systematically and 
isolate theoretically and practically some classes of functions which 
are of fundamental importance. Keeping in mind the history of 
development of our science it is advisable to consider at the beginning 
the class of continuous functions. ‘The concept of continuity, z.e. the 
continuous change of a function, can readily be visualized and we 
have already used this term on several occasions without having 
defined its meaning. We must now clearly define the concept of 
continuity and study the properties of continuous functions in detail, 
not only because we shall often encounter these functions in future 
but also because the study of other, morc complicated classes of 
functional relationships can frequently be reduced to the study of 
continuous functions. 


Let » = f(x) be a function which is defined along some section 
of the number line and let a be an arbitrary point on that line. The 
function f(x) has a definite value f(a) at the point a. Let us now 
go from the point a to another adjacent pointa + h, where hisa 
positive or negative number with very small absolute value. In 
connection with this type of transition it is customary to say that the 
quantity x whose value is a has received an increment h and thus taken 
a new value a + A; we have already said that the increment / can 
be either positive or negative. A new value f(a + A) of the func- 
tion f(x) corresponds to the new value a + hofx; the difference 
f(a +h) — f(a) which corresponds to the difference between the 
new and old values of y is naturally said to be the increment of y which, 
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it has received in the transition of x from the old value a to the new 
value a + A; it is obvious that this increment can be either positive 
or negative (sometimes it may be zero). In analysis it is customary 
to denote the increment received by a quantity u by the symbol Aw. 
We can therefore say that if we have x = a, then the increment 
Ay = f(a +h) — f(a) of » corresponds to the increment Ax —=h 
of x. Its geometrical meaning is represented in Fig. 10. 


If @ remains unchanged while we change the increment 4 of x, 
then evidently the increment Ay = f(a + h) — f(a) of y will also 
change ; a definite value of A» 
corresponds to each value of AX. 
Let us assume that in a particular 
case the value of /: tends to zero, 7.¢. 
we assume that the new value of 
at+h of x tends to the old value a; 
if under these circumstances the 
increment Ay of the function 
y == f(x) also tends to zero, it would 
mean that for a sufficiently small 
change in the value of 1 the quantity 
y will also change by as little as we 

Fig. 10 please. This is thc meaning of 

physical representation of the concept 

of continuity. Hence the essence of the concept of continuity is the 

fact that an infinitely smallincrement of the function corresponds to an infinitely 
small increment of the independent variable. Since the relation 


Ay=f(ath)—fl(a)>0 (Ax =h- 0) 
‘is equivalent to the relation 
S(a + h) > f(a) (h > 0), 


‘the definition of continuity can be formulated as follows : 


The function f(x) is said to be a continuous function at x = a (or “at 

the point a”) if 
flat h>f(a)  (k>0). 

Hence it is necessary and sufficient for the function f(x) to be 
continuous at the point a that the value of the function f(x) should 
tend to a definite limit when x > a, and thatthis limit should be 
-equal to the value f(a) of this function at the point a. At the 
same time it is also important that the relation f(a + h) > f(a) 
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should hold irrespective of the path by which h approaches zero: by 
positive values, by negative values or withouta change of sign taking 
place; in other words, we should have f(x) > f(a) irrespective of 
whether x approaches the point a from right or left or whether it 
passes repeatedly from right to left and vice versa (the two-sided limit 
of a function, ¢f. § 15). 


The precise definition of the concept of liniit transitions which 
we have studied in detail in § 14 enables us to define the concept of 
continuity in another way which is often very convenient: the function 
f (x) ts said to be continuous at the point a if no matter how small e > O 
thereisa 8 > O such that we have| f(a + h) — f(a)| <= for every h 
whose absolute value is smaller than 5. In other words, a function is 
continuous at a given point if a change of the function which can be 
as small as we please corresponds to a sufficiently small change of 
the argument. 


The majority of cases in which continuity of a function is 
violated at some point is due to the fact (fig. 11) that f(x) tends to 
a definite limit when x approaches a from 
right (h > 0) and tends to another 
definite limit when x approaches a from 
left (h <0) but these two limits do not a 
coincide. In this case there is no single :\ 

{ 


limit lim f(x) and the function / (x) is 

x—>a eT Nao 
discontinuous at the point @ as can be fla~ONi | 
readily seen from fig. 11. The fact that x | 
tends to a from right (i.e. by assuming a’ 
values greater than a only) is usually Fig. 11 
denoted symbolically as follows: x a+ 0; 
ifin this process f (¥) tends to a definite limit, then this limit ts 
denoted by f (a + 0) so that 


fla+0) =lim f(z). 
x-2at0 


The meaning of the symbols x > a — 0 is similar and 


f(a—0) =lim f(*). 
x—>a—Q 


In the case considered in fig. 11 both limits f(a + 0) and f(a — 0) 
exist but differ from one another, We know that it is necessary for 
the function / (x) to be confinuous at the point a that not only the 
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limits should coincide but also each limit should coincide with the 
value f (a) of the function f (x) at the point a (it is evident from their 
definition that the numbers f (a + 0) and f (a — 0) must not nece- 
ssarily coincide with f (a) and are quite independent of it). Thus 
apart from the condition f (a + 0) 4 f (a — 0) which causes viola- 
tion of continuity in the example we are considering, this phenomenon 
may also be due to the influence of other causes, v7z.: 


(1) f (a + 0) or f (2 — 0) may not exist at all. Typical 
examples of this kind are the following: 


1 
6 suede &F% 
0 («= 9); 


J (x) increases indefinitely for x ~ + 0; the absolute value of / (x), 
which is negative, increases indefinitely for .« —- — 0; therefore 
J( + 0) and f(— 0) do not exist; the function f (x) is thus unbounded 
in the neighbourhood of the point 0. 


or ae 
() joa k ge or 
0 (x = 0); 


f (x) remains bounded this time for x > + 0 (| sin 1 /x| <1), but 
cannot tend to a limit, for it repeatedly takes the values + 1 and 
— 1 (or any value between + 1 and — 1); f(x) evidently behaves 
similarly for x ~ — 0; therefore f ( + 0) and f( — 0) do not also 
exist in this case although the function f (v) remains bounded in the 
neighbourhood of the point 0. 


(2) It may happen that f (a + 0) and f (a — 0) exist and are 
equal to one another but differ from f (a) ; for example 


So J a> (SEO), 
fe) = 4 (x = 0); 
here f(a + 0) = f (a — 0) for a = 0 while f (2) = J. In all these 
cases the function f (x) is discontinuous (non-continuous) at x = a (at 
the point a). 


It is very important to remember that the definition of conti- 
nuity implies a local (i.e. at a given point) property of a function; 
generally speaking, a function may possess this property at some 
points while it does not possess it at other points. The values of the 
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variable x for which the function f (x) is continuous are known as 
points of continuity of this function and points at which the function is 
‘discontinuous as points of discontinuity. In the examples of discontinuous 
functions, which we have considered above, the function is continuous 
everywhere except at a single point; the set of points of discontinuity 
of such functions evidently consists of this single point. It is quite 
easy to think of functions which have two, three, or more points of 
discontinuity and also of functions which have an infinite number of 
points of discontinuity. But, on the other hand, there are functions 
which do not have points of continuity at all and points of disconti- 
nuity fill the entire number line. An example of this kind js given 
by the function D (x) which we have considered in § 4; this function 
is equal to zero or unity in relation to whether x is an irrational or 
rational number. Owing to the fact that every section of the number 
line contains an infinite number of both rational and _ irrational 
numbers, no matter what the number a be, there will be both 
rational and irrational numbers in its immediate neighbourhood : 
hence the function D (x) will take the value 0 and unity at points 
‘which can be as close as we please to the point a; it thus follows 
that D (x) cannot tend to a limit as x — aand it is therefore dis- 
continuous at v = a; and owing to the fact that a is arbitrary, the 


function D (x) is discontinuous everywhere; moreover, D (x + 0). 


and D (« — 0) do not exist for the same value of +. 


It is sometimes useful to distinguish the one-sided continuity of a 
function. The function f(x) is continuous to right, of the point aif 
f (a + O)exists and f (a + 0) =f (a); it is continuous to left if f (a — 0) 
exists and f (a — 0) = /f (a); in order that the function should be 
continuous at the point a it is evidently necessary and sufficient that 
it should be continuous to right as well as left of that point. 


We shall say that the function f(x) is continuous along the line 
(a, b) if it is continuous at every point of this line (z.e. it has no 
points of discontinuity on this line). In this case continuity to right 
of the end a and continuity to left of the end 0 of this line are only 
necessary ; this fact is obvious because the function / (x) is frequently 
defined only for points on the line (a, 5) so that the question of its 
continuity to left of the point a (or its continuity to right of the point 
b) does not arise. The definition of a continuous function along a 
line does not alter our previous statement that continuity is a local 
property, for continuity along a line is defined in terms of continuity 
at every point and this is the primary definition in the theory of 
continuous functions, which implies a well-defined local character. 


f 


o 
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§ 21. Operations with continuous functions 


In chapter 2 we have studied the results of arithmetical opera- 
tions with infinitely small quantities, infinitely large quantities and: 
quantities which tend to limits; we must now establish the fact that 
continuity of a function is, as a rule, conserved in the course of ele- 
mentary arithmetical operations. The importance of this problem: 
is self-evident, for its general solution will make it unnecessary to test 
continuity of every function obtained as a result of similar operations. 
with continuous functions. 


Let us assume that we are given the algebraical sum 
SF (~) =Sfi (*) + fe (x)  ... Hn (x) 


of functions, each of which is continuous at x = a. According to the 
definition of continuity this means that fy (x) > fi (a), fo (x) > fe (a), 
sess Fn (x) > fn (a) for x —> a; but in this case we know from. 


theorem 1 §11 that 


f(x) =f &) + fe (™) 4. A fn (x) > fa (2) + fe (2) + ... 
we fa (a) = f (a) 


for x — a and this means that the function f (x) iscontinuous at the 
point a. 


By using a similar simple argument (with reference to theorem 
2§11) it can be readily proved that the product of an arbitrary 
constant number of functions which are continuous at the point a will 
also be continuous at that point; in particular, if the function f (x) 
is continuous at x = a, then the function { f(x) }* possesses the 
same property, where 7 is an arbitrary natural number. Division, on 
the other hand, usually requires some additional explanations. Let 
fz (x) and fg (x) be two functions which are continuous at x = aand 


let fo (a) a 0. 


In accordance with our assumption f, (x) > f, (a) and fs (x) 
—> f (a) for x = a; therefore it follows from theorem 7 § 1! that 
lim fy (x) 
lim 2%) A>e Al) 
xoa fo (x) limfe (x) fe (a)’ 
x—-a4 


which shows that the function /; (x) / f, (x) is continuous atx = a; 
Hence this rule applies provided that f, (a2)40. But if f, (a) = 0, 
then the expression fy (x) / fe (x) is devoid of meaning for x = a and 
therefore continuity of the quotient has no meaning atall in this case. 
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All the rules which we have so far established remain valid if 
we consider a function which is continuous not at a single point but 
along the entire section of a line; this follows directly from the defi- 
‘nition, given in § 20, of continuity of a function along a section. In 
the case of a quotient the result should evidently be stated as follows: 
if the functions f; (x) and f, (x) are continuous along a section of a 
line and if fQ (x) does not vanish at any point on that line, then the 
‘function f; (x) /f2 (x) is continuous along that line. 


§ 22. Continuity of a composite function 


Let y be a function of x, y = f(x), defined along some section 
-ofa line (a, 5). Let us denote by J the set of numbers which the 
‘function f(x) assumes by running through all the numbers on theline 
(a, 5). Let some third quantity z be another function of y, z = v (9), 
which is defined for ail values of y belonging to the set Mf. When x 
takes a definite numerical value on the line (a, 4), then y = f(x) also 
-takes a definite value which belongs to the set Jf; but in this case 
z= (y) also takes a definite numerical value. Hence in the long 
run a definite value of z corresponds to each value of x along the 
section (a, 4); in other words, z is a function of x defined along the 
section (a, 6). It is convenient to denote this dependence as follows: 


ie 2 [ f (x) 1, 
-or by two equations : 
e=@(9), py =f) 


z is not directly defined in terms of the independent variable x but 
by means of an “‘intermediate’’ function y; z is defined as a function 
of y and » as a function of x; therefore z appears to be a function of 
x. A function which is given in this way is said to be a composite 
function (or a “function of a function’). 


Example. Let 7 = cos x, z = log y; the function log y is 
defined only for positive values and therefore we shall restrict our- 
selves to the study of those values of x for which _y = cos x > 03 for 
-example, let — 7/4 <x < + 7/4; then» > 0 and log y has a 
. definite meaning. We can write 


. wT 
Z == log cos + (-F<«<4): J 


86 A COURSE OF MATHEMATICAL ANALYSIS. 


we know that this function is very important in the logarithmic solu~ 
tion of trigonometrical equations and detailed tables are published 
for this function. The following are some other simple examples : 


z=y% yS=smnv, 7 = sin*® a, 

I er 1 
_— _ = ] + aes i — ied pei tage 
page eee 


(both functions are defined for all values of x). 


These examples (like the definition of a composite function) 
show that the term ‘“‘composite function”? describes no new class of” 
functional dependcncies but only a specific method of defining a 
function ; the simplest functions can be defined in composite form if 
this is desirable; thus the function z = x4 can be defined with the 
help of the relations z = y*, y = x” and when given in this form it 
becomes a composite function. 


It is obvious that the form in which a function is defined can 
be even more composite—it may contain not one but two or more- 
intermediate functions. 


Example: The function v = log(] + V1 + «*) can be given 
in terms of a chain of relations v = logu, u=1lt+t2z,z2= vy, 
y = 1+ x7, ue. it may contain three intermediate functions w, 2 
and y. 


Let 2 = 0(»), y = f(x) and let the function f(x) be defined and. 
continuous along the section (a, 6), while the function o(y) is defined 
and continuous along another section which includes all values of the - 
function f(x) for @<x* <0. We will prove that in this case the 
composite function z= ¢[ (f)] is also continuous along the line (a, 4). 
Let « be an axbitrary point onthe line (a, 5), and let f(«) = 8; since: 
the function /(*) is continuous along the line (a, 6), we have: 

lim (f)x = f(a) = 8; 

N—> a4 
and, on the other hand, the function ¢ (y) isassumed to be continuous . 
for y = B; it therefore follows from f(x) —> 6 that 


eLfal—e@)=9(f@] (>a), 


which proves continuity of the composite function 9 [f(+)] at the point 
a%;and since “is an arbitrary pointon the line (a, 2), the function 9 [ f(x)], 
must be continuous along the whole line. We have thus proved the- 
following theorem. 
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Theorem 1. Jf the function f (x) ts continuous along the line (a,b) and 
the function 9 (y) continuous along another line which contains all values of the 


Junction f(x) along the line (a, b), then the composite function 9[ f(x)] ts 
continuous along the line (a, 6). 


In other words, if botli functional dependencies whica make a 
composite function are continuous, the composite function will also 
be continuous. By means of simple induction it is easy to apply this 
theorem to composite functions defined in terms of three or more 
links : if in each link the dependence is continuous, then the resulting 
composite function will be a continuous function. In practice we 
always come across composite functions, each link of which is composed 
of some elementary function (¢ f/f. §6). It would indeed be very 
difficult to prove in each case the continuity of each combination of 
elementary functions which we may encounter. Theorem 1 enables 
us once and for all to dispense with this necessity: if we can prove 
continuity of a small number of the simple elementary functions 
(and we shall do this in § 24), then it follows from theorem | and from 
the theorems in §21l that every finite combination of these simple 
functions will be continuous (7.e. every such combination composed of 
the simple elementary functions by means of arithmetical operations 
and operations involved in constructing a composite function, which 
can be repeated an arbitrary finite number of times in any order). 


€ 23. Fundamental properties of continuous functions 


Continuous functions have a series of properties which make 
their study and application much simpler than is the case with non- 
continuous functions. We shall now state and prove several important 
properties of this kind. But, to begin with, we must establish an 
auxiliary proposition which we shall find very useful in future. 


Lemma. The function f(x) whichis continuous and positive for x = a 
will also be positive along some line which contains the point a. 


. . . . ® 
Proof. Asa result of continuity of the given function at the 
point a we have: 


f(s) > f(Q (&> 4); 


and therefore it follows from f(a) > 0 and theorem 2 § 10 that 
f(x) > 0 provided + is sufficiently close to a; this proves the statement 
of the lemma. 
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Obviously it is possible to prove by the same method that if 
f (a) < 0, we should have f(x) < 0 for all points on some line which 
contains the point a. 


In future we shall say that the function f(x) defined along the 
line (a, 6) is bounded along that line if its values along the line (a, 5) 
form a bounded set. 


Theorem 1. The function f(x) continuous along the line (a, 6) is 
bounded along that line. 


Proof. Let « be an arbitrary point on the line (a,b). The 
function f(x) is continuous at the point «, and therefore | f(x) — 
—f(«)| < 1 provided x is sufficiently close to «; hence a line 5, 
exists with « as its centre such that for an arbitrary point x on the 
line 8 *) we have | f(x) — f(«)| < 1; therefore 


IF (*)| <1 fF (#)| +1. 


We can construct a line 5, for every point « on the line (a, 3). 
The system S of all the lines so constructed evidently covers the line 
(a, b). In accordance with the theorem on finite coverage (lemma 2 
§ 18) a finite group of lines Ai, Ae, .-, An of the system S exists 
which also covers the line (a, 6). Each one of the lines A, is one 
of the constructed lines 8, (k= 1, 2, ..., n); therefore forany point 


x on the line A, we have 


Lf (x) | <|[f (ae) | + 1; 


If we denote by u the smallest number among n numbers | f («) |, 
| f (%2) | ,-.5 | (%n) | and keep in mind the fact that any point x on 
the line (a, b) belongs to at least one of the lines A,, then we have 
for any point % on the line (a, b) 


| f(*) |< p+ 1. 
This proves that the function f(x) is bounded along the line (a, 5). 


Theorem 2. The function f (x) continuous along the line (a, b) takes 
tis minimum and maximum values on that line. 


Preliminary note. It follows from the above theorem that the 
function f (x) is bounded along the line (a, 5) ; it follows fromlemma 


*) It is obviously assumed that x lies on the line (a, b) ; if the point « coincides 
with one of the ends of the line (a, 5), then the inequality | f (x) — f(«) | <1 must 
only be satisfied for those points « on the line §« which lie on the line (a, 5). 
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3 § 18 that the set MW of values taken by the function f(x) along the 
line (2, b) has therefore a lower bound « and an upper bound 8. We 
know, however, that the bounds of a bounded set must necessarily 
belong to it; hence in the case under consideration « and B may or 
may not belong to the set Jf, 7.e. they must not necessarily be values 
which the function f (x) takes along the line (a, 6). This may be 
quite possible for non-continuous functions; let us assume, for example, 
that 


he seed), 


if « < 1 and is sufficiently close to unity, then the function f (x) will 
also be as close to unity as we please; the upper bound 8 = 1; 
however, at no point on the line (0, 1) do we have f(x) = 1, and so 
everywhere f (x) < 1. Theorem 2 tries to establish the fact that 
this position is impossible for a continuous function : here the upper 
and lower bounds of the set M are always the maximum and 
minimum values, respectively, of the function 7 (x) along the line 
{a, 6); in other words, a point x, can always be found on the line (a, 5) 
such that f (21) = #, and another point 2, such that f (x2) = 8. 


Proof. We shall give the proof only for the upper bound 8, as 
the argument is exactly the same for the lower bound. Let us assume 
that f(x) < 6 at an arbitrary point 2 on the line (a, b) and let us 
try to arrive at a contradiction. Owing to the fact that the function 
8 — f(x) is continuous and does not vanish on the line (a, 8), it 
therefore follows from the last result of § 21 that the function 
1 / {8 — f(*)} is a continuous function and, as a result of theorem I, 
it is bounded on that line. Thus a number C' > 0 exists such that 


Kanne (a= =O), 


and consequently 


f (x) <B— (a= kD): 


Since C is a constant positive number, this contradicts the defi- 
nition of the upper bound, according to which values of f(x) can be 
found on the line (a, 5), which are greater than 8 — ¢ for arbitrarily 
smallc > 0. This contradiction proves theorem 2. 
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Theorem 3. /f the function f(x) is continuous on the line (a, 6) and 
if Y denotes an arbitrary number between f (a) and f (b), then a point c can be 
found between a and b such that f (c) = Y. 


Preliminary note. Theorem 3 expresses that property of conti- 
nuous functions which forms in our visual representation the essence 
of the continuous change ; in passing from one value to another a 
continuously changing quantity must inevitably run through all 
intermediate values without omitting any of them. 


Proof. At first let us consider the particular case when f(a) 
and f(4) have opposite signs and Y = 0 (i.e. we will show that 
when a continuous function changes from positive to negative or vice 
versa it must pass through zero). Let us assume that f (x) does not 
vanish anywhere on the line (a, 6) and let us thus try to arrive at a 
contradiction, Let us agree to call an arbitrary section of a line 
normal if the function f (x) has opposite signs on its ends : it is evident 
that out of two halves of a normal section one, and only one, will 
always be normal (let us recall that according to our assumption 
Ff (x) does not vanish anywhere). It is given that the line A, = (a, b) 
is normal; let A» be the normal half of Aj, Az the normal half of 
Ae, and so on. The lines Aj, Ag, .--, Any. form a contracting 
sequence and therefore have a point in common which we can denote 
by ¢. According to our assumption f (c) 4 0; therefore either 
f(o.) > Oorf(c) <0. Let us assume that f(c) > 0. Hence asa 
result of the lemma established at the beginning of this paragraph 
we should have f (x) > 0 for all values of » sufficiently close toc: 
however, this contradicts the fact that the point belongs to the 
normal section A, which can be as short as we please and hence in 
the immediate neighbourhood of the point ¢ another point can be 
found (one of the ends of the section A,) where f(x) <0. This 
proves the particular case of theorem 3. 


Let us now consider the general case and assume that f (x) 
— Y= @ (x). According to the conditions of the theorem Y lies 
between f(a) and f (4); therefore 9 (a) and ¢ (4) have opposite signs. 
And since both f («) and » (x) are continuous functions, it follows 
from the particular case proved above that a point ¢ can be found 
between a and 6 such that 9 (c) = 0 or, which comes to the same 
thing, f(c) = Y. This proves theorem 3 completely. 


Let us now assume that the function y = f(x) isa continuous 
increasing function on the line (a, 6); this means that we always 
have f (x1) < f(g) for a< ay <x, <b. Let f(a) = «, f(b) =8 
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(« < 8) and let Y be an arbitrary number lying between « and 8. 
According to theorem 3 a number c exists (a < c¢ < 6) such that 
JS (c) = Y; since the function f(x) is an increasing function, the number 
¢ must evidently be unique; thusa definite number c on the line (a, 6) 
corresponds to every number Y on the line («, 8); in other words, a 
single definite value of x on the line (a, 6), for which y = f(x), 
corresponds to every value of ) on the line («, 3); hence x is a func- 
tion of y and is defined on the line (z, 8) : 


x=@(9) (4% 9 <8); 
and it is evident that 9 («) = a, 9 (8) = 6. The function « = 9 (y) 
is said to be inverse of the function » = / (x); these two functions 
essentially express the same functional dependence between x and y 
and differ from one another only by the fact that one quantity is 
taken as the independent variable while the other is the function. 


Example i. y= x°(— c© <x< + @); the inverse func- 
tion isx = 37 y(-—-0<y< 4 0). 

Example 2. » = sin x (0 < x» < =/ 2); the inverse function is. 
« = arcsiny (0 <y <1). 

Let us now prove that a function which is inverse of an increas- 


ing continuous function is also continuous along the corresponding 
line. 


Theorem 4. Let the function y = f (x) be an increasing continuous 
function on the line (a, 6) and let f (a) = %, f (6) = 8; then the inverse 
function x = 9 (y) will also be continuous on the line (%, B). 


Proof. At first let us assume that Y is an arbitrary interior 
point on the line (@, 8); let ¢ (Y¥) = ¢ so thata<¢< 6 and 
f(c) = Y. Let < > 0 be so small that the numbers ¢ — ¢ ande¢ + € 
lie on the line ( a, x). Assume that 


Jle—s)=%, Sf(e+e)=7e, 
so that ¥; <¥ <¥z and denote by § the smaller of the differences 
Y= Nip Ya Ys 


Let us now assume that] 7 — ¥ | < &; in this case evidently 
Y¥, <7 < Y, and therefore 


@(%1) < 9 (9) < 9 (Ya); 
but 9 (Yi) =¢ — £, 9 (Ye) = ¢ + < and consequently 
c-—e<o(y<cte, 
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or what comes to the same thing, | 9 (v) — ¢| =| ¢? (9) — ¢ (Y)| <<. 
We have thus proved that |y — Y|< 5 implies that | ¢ (y) — 
 (Y)| <<; since ¢ > 0 can be as small as we please, the function 
9 (y) is continuous at the point Y, which was to be proved. 


In case Y = «or Y = B, the same arguments can be used to 
establish continuity of the function 9 (y) to right (at the point «) or 
to left (at the point 8). 


It is obvious that the theorem is also valid for a decreasing con- 
tinuous function f (x). 


In § 20 we repeatedly emphasized the local character of our 
concept of continuity; we said that continuity applies at every indivi- 
dual point so that, generally speaking, a function can be continuous 
at some points and discontinuous at other points. We have then 
defined continuity along a line as continuity at every point on the 
line. However, it is possible to define continuity along a line 
‘directly without using the concept of continuity at a point. In doing 
this we shall also use the basic idea that the essence of continuity is 
due to the smallness of changes of the function when the independent 
variable undergoes small changes. 


We shall say that the function f(x) is uniformly continuous along 
the line (a, 6) if the absolute value of the difference of its values at 
two sufficiently close points on this line isas small as we please. More 
accurately : we say that the function f(x) is uniformly continuous along the 
line (a, b) tf the following condition is satisfied : no matter what ¢ > 0 be, 
there exists a § > 0 such that for two points x, and x» on the line (a, 6) 
which have a distance | x,—%»_| < 8 we have| f (x1) — f (x2) |<<. We 
‘say in this definition that continuity is uniform because the difference 
| f (%1) —f (*2) | should be small irrespective of the positions of the 
points *, and x, on the line (a, 5), provided these points are situated 
close to one another. 


The concept of uniform continuity is very important in mathe- 
matical analysis. We must therefore establish right from the beginning 
the relationship between this concept and the concept of continuity 
along a line which we have defined earlier. It is almost self-evident 
that uniform continuity of a function along a line implies its conti- 
nuity at every point on that line and hence also its continuity along 
this line in accordance with our earlier definition. In fact, if the 
function f (x) is uniformly continuous along a line and if « is an 
arbitrary point on that line, then the difference | f (x) — * (a) | will 
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be as small as we please provided x is sufficiently close to «, and this 
implies continuity of the function f (x) at the point «. It is even more 
important to note that the converse theorem also holds : the fact that 
a function is continuous at every point of a (closed) line is sufficient for 
it to be uniformly continuous along this line. Thus our new defini- 
tion of continuity appears (for closed curves) to be totally equivalent 
to our former definition (of local character). 


Theorem 5. The function f (x) continuous at every point of the line: 
(a, b) is uniformly continuous along that line. 


Proof. Let « be an arbitrary point on the line (a, 6) and let. 
¢ be an arbitrary positive number. Since the function f (x) is con- 
tinuous at the point «, therefore for a sufficiently small §, > 0 we- 
have for any point x *) on the line (« — 84, « + 8g) 


FOF) <=; 


therefore if, and x, are two arbitrary points on the line (4 —58,,,. 
oO + Sa)s then 


f(%1) —Jf(*2)| <«. (1): 


The same construction can be repeated for every point « on the: 
line (a2, 6) and we can say that the section (% — 48 y,% + 23,),; 
which comprises of one half of the section constructed above is the 
“‘proper section” of the point «. ‘The set S of all such ‘‘proper sec- 
tions’ evidently covers the whole line (a, 5) ; according to the- 
lemma on finite coverage (lemma 2§18) a finite group Aj, Az, 
., An can be chosen from these “‘proper sections’, which will: 
also cover the line (a, 6). Let us denote by 6 half the length of the: 
shortest of the sections A, , Ag,+-+; An: 


Let us now assume that x, and x, are two arbitrary points on 
the line (a, 5) with a distance not greater than 6. The point ~,, like 
every other point on the line (a, 4), lies on a section Ax; but Ax is. 
one of the sections of the system S and is therefore a “proper 
section’’ (#—4 8%, « + $5,,) of a point « on the line (a, }) ; therefore - 
|v, — «| <4 8,; but on the other hand 


lx2—m] <8 <4 8,y, 


* ) We are obviously only considering points x which lie on the line (a, 6), for~ 
the function f (x) may be undefined outside this line. 
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where the above inequality follows from the definition of the number 
5. Hence the two numbers « and x, have a distance not greater than 
4 $y, and consequently 


|xo — 4%| < By. 


It therefore follows that both points x; and x, lie on the line 
{% —8y,« + 5,4) and the inequality (1) holds; but *, and %, are 
two arbitrary points which have a distance not greater than § ; hence 
uniform continuity of the function /(.«) along the line (a,b) has been 
established. 


Nolte. We are assuming, as always, that the line (a, 6) which 
-we have considered in theorem 5, is aclosed line, z.e. it contains both 
its ends. For open lines (which do not contain their ends) theorem 5 
is, generally speaking, ‘not valid. Thus, for example, the function 
_f (x) = 1/« which is continuous at every point of the open line (0, 1) 
is not uniformly continuous along that line; in fact, for any small 
S$ > Oand assuming that x, = 8, x, = 28, we have| x, — x2.|=8, 
| f(x) — f(¥2) | = 1/8 — 1/(28) = 1/(28); although | x, — x2 | 
can be as small as we please, | f(%,) — /(x2) | is as large as we please. 
"The function /(x) = tan x behaves similarly along the open line 
{— 7/2, + 72/2). In both cases we are dealing with unbounded 
functions. The function sin 1|/ x, considered in § 20, is continuous at 
every point on the open line (0, 1) and is evidently bounded along 
that line ; however, it is not uniformly continuous, for the numbers 
X, and x, exist and can be as small as we please (and therefore also 
as close as we please), for which sin 1 /x, = 1, sin 1/v, = — 1. 


§ 24. Continuity of elementary functions 


We shall show in this paragraph that all elementary functions 
‘are basically continuous (z.¢. with the exception of some easily 
distinguishable points). 


1. Theorem 5 § 11 maintains that every polynomial P (x) is 
continuous for every value of x. Similarly the corollary of theorem 7 
in the same paragraph states that every rational fraction P(x) / Q(x) 
is continuous for every value of x provided its denominator does not 
vanish. Hence all rational functions are essentially continuous. 


2. Let us consider the exponential function » = a* and assume 
thata > 1. Since 


qguth — g® = g® (qh — 1), 
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therefore in order to prove continuity of the function a*® for every 
value of x it is sufficient to show that 


a®*—1—+>0O (h->0). 
For this purpose we must at first note, that Newton’s binomial 
(Lt—aAjy™=1+nA+4+..., 


where A > 0 and n is an arbitrary natural number, gives *) for 
n>: 


(r+ A)" > 1+ nA, 


hence 
n 
Assuming that h > 0 and A = a* — | in this inequality we find : 
qn == ] 
ak — ] (Saale ee (h > 0, >1). (1) 


Let us now choose the number n such that 
nea <sant il; 


when nis. 1, a"* <a for a> 1; hence the function a* is an 
increasing function (cf. § 17) ; it therefore follows from (1) that 
— 1 


a 
qhe—IT< os 
n 


.and since evidently n + « for h — 0, therefore, 
at’—1—->0 (A-— 0), 


which was to be proved ; thus all exponential functions a® are continuous 
_for every value of x. 


3. We sawin § 17 that the function a” is always monotonic 
for a > 0 **): it is an increasing function for a > 1 anda decreasing 
function for a< 1. We have already proved continuity of this 
function; a single inverse of the function a” must exist and it follows 
‘from theorem 4 § 23 that this inverse function must also be continuous 


*) we saw this already in example 3 § 7. 
**) A function is said to be monotonic if it is either non-decreasing or non- 
increasing along the given line (which can be the whole real axis). 
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along the half line x > 0. This inverse function is the function: 
log a*. Hence all logarithmical functions are continuous. 


4. Since an exponential function is monotonic, it follows that . 
every power function x is continuous for every constant index « 
along the half line x > 0. In fact, let us assume that » > 0 and let 
n be an arbitrary integer greater thane. We have: 


(«+ Aye — xt = 24 (1 +—2)"-1| (2). 


Let us assume that h > 0. Since an exponential function is mono- 
tonic, we have 


r<(i+t)t< (4 4) 


( we are, of course, assuming that x > 0); (1 + h/x)” isa polyno— 
mial in fA and it evidently tends to unity for h->» 0; therefore it. 
follows from theorem 10 § II, that for 4 — 0 


lene 
arg) 
hence from (2) 


(x + h)*—x%*->0 (k-O), 


which was to be proved. ‘Thus every power function x* is continuous. 
forx >0*). 


5. It is very easy to prove continuity of the functions sin «andi 

cos x along the whole number line. In fact 

; hy . oh 

sin (x + h) — sin x = 2 cos (« -- =) sin >> 
where the last factor, and therefore the right-hand side as a whole,. 
tends to zero for h > 0; the proof is similar for cos x. Finally the: 
functions tan x, cot x, sec x and cosec x are expressed in terms of~ 
ratios of functions such as unity, cos x and sin x; hence all’ 
simple trigonometrical functions are continuous at all points for which they- 
are defined. 


. . , ' a logee . ; 
*) Ifthe function x ~ is written in the form e eit can readily be seens 
from theorem 1 § 22 that its continuity follows directly from continuity of expo-- 
nential and logarithmic functions. 
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6. The application of the theory of inverse functions (theorem 
4 § 23) inevitably Jeads to the conclusion that all inverse trigonometrical 
functions are continuous within appropriate regions. Let us consider, for 
example, the function arcsin x; since the continuous function sin x is 
monotonic along the line ( — 7/2, + =/2) and increases from — 1 
to + 1, its inverse function is also monotonic and continuous along 
the line ( — 1, + 1) and increases from — «7/2 to + x/2; and this 
inverse function is no other than arcsin x. 


This concludes the proof of continuity for all simple elementary 
functions. We know (§ 6 ) that all other elementary functions can 
be obtained from these functions as a result of finite number of 
algebraic operations; since all these operations are performed with 
continuous functions, therefore, according to the theorems in § § 21-22, 
they result in other continuous functions; this establishes the fact 
that all elementary functions are continuous everywhere except at 
isolated points whose positions can be determined in each case from 
the analytical expression of the function in question. 


Example. ‘The function 


is continuous everywhere except (1) at the point « = 1 and (2) at 
points x for which 


1 = (2k + 1) z 
where & is an arbitrary integer, 7.e. at points 
— Qk+1)nm ee ee 
doar i ee ijn 2 ity Di 1,05. Ls 25k) 3 
hence continuity is violated only at points where the analytical 
expression of the given function becomes void. 


The reader will be able to find exercises relating to Chapter 5 
in the Problem Book by B.P. Demidovich, Section I, § 7. We recom- 
mend problem Nos. 490-501, 515-518, 544, 566, 568; the choice of 


other exerciscs is left to the teacher. 


CHAPTER VI 
DERIVATIVES 


§ 25. Uniform and non-uniform variation of functions 


When we study variation of functions in practice we are most 
interested in the problem of speed, i.e. in the rate at which the pheno- 
menon in question changes. The velocity of movement of a railway 
Carriage or an aeroplane is the main index of its activity. The rate of 
increase of population of a town is one of its main lively characteris- 
tics. A road which rises from lower to higher places can be more or 
less steep in relation to the rate with which its gradient rises. 


The fundamental concept of speed is self-evident. However, 
for the solution of a majority of practical problems this general con- 
cept is insufficient. It is necessary to have an accurate quantitative 
definition for this quantity which we call the rate of change of the 
given phenomenon. However, when trying to form sucha definition, 
we find that the methods of elementary mathematics are insufficient 
and only adequate for a few simpler cases. Generally speaking, this 
problem can only be solved satisfactorily with the help of some mathe- 
matical methods and concepts which we shall now study. In the his- 
torical development the general necessity for the accurate definition of 
the rate of change of quantities and establishment of a unique method 
for evaluation of this rate led to the development of the science 
which we call mathematical analysis. An extensive branch of 
mathematical analysis is devoted to the solution of this problem and 
its consequences, This branch is usually known as differential calculus 
and we shall now begin its study. 


Let us assume that y is a function of (the independent 
variable) x : 


y =f (x). 
98 \ 
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The change (increment) Ax of x leads to a definite increment 
Ay =f(~ + Ax) — f(r) (1) 


of y. This increment can be very diverse in relation to the initial 
value x of the independent variable and the nature of the function 
J (x) which expresses the functional dependence in question; in other 
words, it can readily be seen from (1) that the increment Ay, apart 
from the increment Ax, also depends on x and on the form of the 
function f (x). We naturally assume that y changes quickly if |A_y| (for 
a given Ax) is large, and slowly if it is small ; if Ay = 0, then y does 
not change at all as the independent variable x passes from x to 
xtAx. 


Let us now consider the simple case when the change A y of 
y is always proportional to the change Ax of x, i.e Ay = “AK, 
where « is a constant independent of x and Ax. If Ax = 1, then 
Ay =a, i.e. the change of x by a unit (of this quantity) always 
corresponds to the same change A y = « of y irrespective ofthe initial 
value x of the independent variable. If x denotes time, then 
changes by the same quantity « during every unit of time (for example, 
during every second) irrespective of the moment x when we began to 
count. In other words, during the whole course of the process y 
undergoes the same change « in every unit of time. We can thus 
clearly see that in this case changes in y are not accelerated or re- 
tarded in the course of the process but always take place at the same 
rate, 2.¢. we say that y changes uniformly. It is evident that changes 
of this type occur very frequently and therefore this is one of the 
most important cases; it is of the greatest significance in all that 
follows and we must therefore consider it in great detail. 


Let us assume that y = f (x) changes uniformly and let 
» =f (a) = 6 for x = a; in that case we have for every x 


J (%) — f(a) = «(x — a), 


and therefore 
Sf (x) = ax + f(a) — oa = ox + 86, 


where 8 = f(a) — oa is aconstant. Thus every,uniformly changing 
quantity y = f (x) represents a linear function (a binomial of the 
first degree) of x : 


y= ax + B. (2) 
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Conversely, if y =f (x) is connected with the independent 
variable ¥ by the relation (2), then 


Ay=f (x+ Ax) — f ®) = [« (xt Ax) 4+ 8] — [ow + Bl = oA, 


i.e. A yis proportional to Ax and y» changes uniformly. Thus all 
linear functions, and only linear functions, change uniformly; this 


clearly shows that uniform change of functions is a very restricted 
particular case. 


If x denotes the time which elapsed from a certain initial 
moment and y denotes the distance of the moving body at the 
moment x from a certain initial position, then the increment Ay of 
this distance for Ax = 1 evidently denotes the path covered by the 
body in unit time (for example in one second). If y changes 
uniformly, the body would travel the same distance in every second ; 
if this distance is «, then, as we know, y = ax + 8, where Pisa 
constant. In physics this type of movement is called uniform and the 
path « covered by the body in unit time of uniform motion is said to 
be velocity of this uniform motion. 


Similarly in the general case, when x and y are representing 
arbitrary quantities, the uniform change of the function » = f (x) 
means that the change in x by one unit causes an increment in y 
equal to one and the same number «; we naturally assume that in 
this case the number « also measures the velocity of change of 
y (in relation to x). Hence the definition of velocity of a uniformly 
changing function causes no difficulties; if such a function is written 
in the form y = ax + 6, then « is the (constant) rate of its change. 
a can be positive, negative or zero. If « <0, then A y <O for 
Ax > 0, t.¢. as x increases, y decreases. This case is obviously 
quite possible. Thus in the case of uniform movement which we 
have considered above y can denote not only the distance of the 
moving body from some initial position but also its distance from its 
final position which it approaches. In that case y will evidently 
decrease in the course of time, 7z.e. we shall have Ay < 0 for 
Ax > 0. When « = 0, we have y = 8; thus y remains constant in 
the course of the process ; this means in our mechanicalexample that 


the body remains at rest, t.e. the velocity of its movement is cqual to 
zero. : 


It is obvious that if a function changes non-uniformly, i.e. if 
the increment of the function acquired for every unit increment of 
the independent variable is different at different moments of the 
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process, we cannot so simply define the rate of change of the 
function. But we can then forecast that in this case the rate of 
change of the function for any feasible definition of the function will 
be different at different moments of the process, 7.é. it will be a local 


phenomenon, where the word “local” has the same meaning as in the 
last chapter. 


§ 26. Instantaneous velocity of non-uniform movement 


. Let us assume that are we interested in the problem of velocity 
with which a given car moves at a given moment. This question is 
often answered as follows : “velocity of the car is 40 km per hour”, 
But what does this mean? Can it mean that the car travels 40 km 
per hour? But we are really interested in the speed of the car at a 
given moment, since inthe course of one hour the car will probably 
change its velocity many times by accelerating and retarding ; and 
if we know that during one hour it travels 40 km, this does not tell 
us anything at all about the velocity with which it moves now, at this 
instant. 


It may be argued that problem of instantaneous velocity is 
unimportant and that it is only important to know the total distance 
travelled by the carin one hour. But this is not true. Let us assume 
that the car crosses a bridge and a street sign shows that the speed 
limit must not exceed 10 km. per hour. A policeman stops the driver 
and fines him for exceeding the speed limit : it appears that the car 
travelled with the velocity of 20 km per hour. But how do we know 
this? Who knows the distance covered by the car during the last 
hour? It is obvious that in this case it is quite unimportant to know 
the distance the car covered or is going to cover during a given 
time interval; we only need to know its velocity now, at this instant. 


If the speed of the car is uniform, 7.e. if it always travels with 
the same velocity, the assessment ‘40 km per hour” fully describes 
its velocity which is one and the same at every moment of its move- 
ment. But the car does not move uniformly; during an hour its 
velocity changes many times and when we are told that the car 
covered a distance of 40 km in one hour, this only gives us an 
impression of average velocity of the car at a particular moment at a 
particular place on its route. An hour is rather a long time interval 
during which the velocity of the car may change many timcs. 


This will evidently make us choose a smaller time unit than an 
hour, for example one second. If we assume that during one second 


102 A COURSE OF MATHEMATICAL ANALYSIS 


our car covered 20 m, then is that not a sufficient indication of the 
velocity of its movement, say, during the beginning of that second ? 
It is obvious that in this case the position is much better : as a rule a 
car will not change its velocity many times during one second and at 
different moments of this second it will move with more or less the 
same velocity; therefore, in all probability we may consider the 
average velocity of the car in onc second to be a good approximate 
assessment of its ‘“‘instantaneous’’ velocity of movement at every 


instant of that second. 


This, then, is the state of affairs with a rough object like a car. 
However, in physical and technical problems various more accurate 
cases are met with, when during one second a moving body is able 
to change its velocity more frequently and within much wider limits 
than a car is able to do within an hour. Just imagine one of the 
minutest particles of matter, an atom or an electron, which is 
subjected to milliards of collisions every second, each of which 
radically affects its velocity. It is obvious that for such a minute 
particle a second will be an enormous historical era in its life and 
that the path covered by the particle during one second will tell us 
nothing about the speed with which the particle moved at a given 


moment. 


We must therefore study the problem from a general point of 
view and we are now ready to do this. Let us denote by ¢ the time 
which elapsed from a certain chosen instant, which will be the same 
once and for all, and by s the path covered by the moving body from 
the initial instant until the instant ¢*). A definite value of 5 corres- 
ponds to every value of / so that s is a function of t: 


ew ata 


This equation is usually called the law of motion of the given body; 
we shall assume that we are already familiar with this law. 


The problem in which we are interested is as follows :how can 
we find the velocity of a moving body at a given instant of time { 
from the knowledge of its law of motion ? Before we try to solve 
this problem, we must make a very important methodical remark 
which is necessary for correct understanding of the given problem 


*) For the sake of simplicity it is useful to assume that the body moves along 
a straight line ; however, all that follows remains valid when much wider assurap- 
tions are made. SS ALP 
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and which will be equally applicable to a great majority of practical 
problems which we arc going to consider in future. 


In a majority of ordinary problems when we are trying to 
evaluate some quantity (the square root of a quadratic equation, the 
length of a side adjacent to a right angle in a right-angled triangle, 
etc.) we know well in advance the nature of the required quantity, 7 e. 
we know its gcneral definition; we only need to evaluate its numeri- 


cal value or its symbolic expression, depending on the character of 
the given problem. 


In this case the position is completely different : what do we 
mean by the velocity of a moving body at the given instant ¢ — we do 
not know this, we did not define anywhere its meaning; it may at 
first appear that the problem in question is insolvable; how, in fact, 
should we proceed to evaluate a quantity about which we do not 
even know what it represents and defines? In order to make our 
problem feasible and soluble we consider it to be a double problem: 
(1) we must establish an appropriate definition for instantaneous 
velocity and (2) we must find a method for actual evaluation of this 


quantity. We shall then see that the same argument answcrs both 
questions. 


We shall later see that this logic is characteristic of many prob- 
lems in geometry and mechanics which can be solved with the help 
of mathematical analysis. 


Let us now solve our problem. Apart from the instant ¢ for 
which we want to determine the instantaneous velocity let us con- 
sider another later instant ¢-+ At. During the time interval Aé 
which elapses between these two instants the body evidently travels a 
distance As =f (t + At) — f(é) equal to the increment of the 
function f (£) which corresponds to the increment Aé of the indepen- 
dent variable. We can therefore say that during the time interval 
Ait which elapses between the instants ¢ and é + Ai the average dis- 
tance covered by the body in unit time (for example, in one second) 
is equal to: 


cA ee aa ee (1) 
Ai Al 


This relation is known as average velocity of the body between the 
instants ¢ and ¢ + Aé. But does it tell us anything about the 
instantaneous velocity of the body at the moment ¢? If Ad? is large, 
then during this time interval the velocity of the body can change 


104 A COURSE OF MATHEMATICAL ANALYSIS 


” 


many times within wide limits and therefore we are unable to judge 
the instantaneous velocity of the body at the moment / from the 
knowledge of its average velocity. But when At is small we can 
assume that during this time interval thc velocity of the body will not 
change greatly and the body will move with approximately the same 
velocity at different moments of this time interval; therefore the 
average velocity of the body during this time interval gives a good 
indication of the approximate instantaneous velocity of the body at 
the instant We can say more accurately that the closer is (1) to 
the velocity of the body at the instant ¢ in which we are interested, 
the smaller is the increment At; and even more exactly: we can 
consider (1) to be as close as we please to the required velocity of the 
body at thc instant ¢ provided the time interval Af is sufficiently small. 
If we denote the required velocity by v (#), then this means : 
| As/At — v (t) | can be as small as we please provided At 1s sufficiently 
small. This statement can be rephrased in terms of the theory of 
limits and it is : v (£) is the limit of the relation (1) for At +0: 


v(t) = lim 4! = lim a A) (2) 


At~0AL pnt->0 At ; 


Hence instantaneous velocity of a moving body is the limit to which the 
ratio of the covered path to the elapsed time tends when the latter tends to zero. 
We have thus defined the concept of instantaneous velocity and 
found a method for its evaluation, 7.¢. we have solved both questions 
of our initial problem. 


Note |. In formula (1) we should consider ¢ (the instant for 
which we want to establish instantaneous velocity) as a constant; the 
process which forms the basis of limit transitions implies that the 
time interval af? tends to decrease indefinitely while the initial instant 
of this time interval remains constant. It is evident that the instant 
¢can be chosen arbitrarily but once it is chosen it should remain 
constant during the process of calculating the velocity. 


Note 2. The limit of the relation (2) may or may not exist 
depending on the choice. of the instant ¢ and on the form of the 
function f(t). If it does not exist, then at the corresponding instant 
the velocity of the moving body cannot be detcrmined by the method 
given above. In such cases it is not advisable to seek another defi- 
nition for the concept of instantaneous velocity but assume simply 
that at such an instant no instantaneous velocity exists. 

e 
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Example 1 (uniformly accelerated motion—falling of bodies in 
vacuum due to gravity). s = f(t) = gf?/2, where g is a constant 
(the so-called gravitation constant) : 


t t)* t? o 2 
As=f(ttan—fy—"" a — Saga fan, 
As fltan—Sl)_ gal 

: AS 
v(t) = lim —=st 
(2) ane 


Hence the velocity of a freely falling body in vacuum increases 
in proportion to the elapsed time. 


Example 2 (simple harmonic vibrations). s = f(t) = asin ot 
(where a and © are positive constants). 


Here s denotes the distance of the moving body from an initial 
position which is considered to be positive in one direction (for 
example, to the right) and negative in the other direction (to the 


left). 
As=f(i+ At) —f() = asinow (t+ Al) — asin ot= 


t 
=2a cos ©) (: + =) sin os : 


. OAT 
sin -- 
AS = aocoso(tt SH Ce 5 
At © 2/ wat ° 
2 


v(t) = aw cos ot. 


In this example the velocity of the moving body (if we assume 
that it moves along a straight line) evidently varies continuously 
between s = a and s = —a (oscillations with constant amplitude). In 
accordance with our agreement as to the sign of s we evidently have 
a positive velocity when the body moves to the right and a negative 
velocity when it moves in the opposite direction. At the points 
s = -++ awe should have sin » ¢ = + 1 and therefore cos ot = 0; 
hence at these points the instantaneous velocity becomes zero; this 
can readily be understood, for at these points changes in the direction 
of motion occur and therefore the sign of the velocity also changes. 
The maximum velocity | v (¢) | = @©@ is attained when cosw ¢= + 1; 
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at that instant «= asin wf = 0, i.e. the body passes through the 
initial position. 


§ 27. Local density of a heterogeneous rod 


A rod is a physical body whose form approaches a section of a 
straight line; its cross-section is small and constant along its whole 
length. A rod is said to be homogeneous if any two cuts of the same 
length have the same mass (or, what is the same, the same weight) ; 
in a homogeneous rod the masses of any two sections are proportional 
to their lengths, so that the ratio d of the mass of an arbitrary section 
to its length is constant and is the same for all sections. The quantity 
d can be regarded as the mass per unit length of the rod; it is usually 
known as density of a homogeneous rod. 


If the rod is heterogeneous, 7.¢. its mass is denser at some 
places than at other places, then, generally speaking, different masses 
correspond to two sections of the same length. ‘The ratio of the mass 
of a section to its length will be different for different sections; it is 
therefore natural to call this ratio average density of the given section 
ofthe rod. Since in a given section the density of mass can change 
considerably many times, therefore, generally speaking, the average 
density of this section does not tell us anything about the particular 
density of the mass in the immediate neighbourhood of any point on 
that section in the same way as in the previous paragraph ihe 
average velocity of a car during one hour made it impossible to draw 
conclusions as to the velocity of the car at the given instant. 


Thus if we want to determine density of the substance in the 
immediate neighbourhood of a particular point on the rod, we en- 
counter difficulties of the same kind as those in § 26 when we were 
trying to assess instantaneous velocity ofa moving body. And since 
these new difficulties are in all respects similar to the old difficulties, 
therefore we are quite justified in assuming that we shall be able to 
solve them by the same methods. 


Let us take one end of the rod as the origin 0 and denote the 
abscissa of any point on the rod with respect to this origin by x. The 
mass of substance along the section (0, x) is a function of x which 
increases as x increases; let us denote it by m = f(x). The sectionof 
the rod between x and Ax (where Ax is an arbitrary positive number) 
evidently contains the mass 


Am = f(x + Ax) —f (x); 
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and average density of substance along that section is evidently . 
equal to 


Am _ f(x + Ax) — f(x) 
Ax Ax : 


If the number Ax is large, then density can considerably vary along 
the section (x, x + Ax) and we therefore have no reason to assume 
that the average density will be indicative of the density of the sub- 
stance in the immediate neighbourhood of the point x on the rod. 
On the other hand, if Ax is very small, we can assume that density 
of the substance will not change considerably over the length Ax so 
that the average density of substance along the section of length Ax 
will be close to the required density of the substance in the immedi- 
ate neighbourhood of the point x. The smaller the number Ax is, 
the more convincing is this argument; as in the previous paragraph, 
we therefore conclude that we can take the following quantity as a 
measure of density of substance in the immediate neighbourhood of 
the point x on the rod : 


i= jie OO Si Ee 


Axc370 A* Ax 30 Ax 


(assuming, of course, that the above limit exists). The quantity d (x) 
so determined is usually known as the local (t.e. at the given spot) 
density of the rod at the point x *). We can obviously regard this local 
density as a measure of the velocity with which the mass of the rod 
changes with an increase in length; this point of view connects the 
problem in this paragraph even more closely with the problem solved 
in § 26; the remaining difference is, first of all, due to the fact that 
the factor of time is completely absent in our present problem; if 
there we were seeking the instantaneous. rate of change over the 
distance covered in the course of time, we are now trying to establish 
the local rate of change of the mass of the rod as tis length increases. 
Time has no place in this process. It is thus possible to speak of the 
rate of change of a function in relation to the independent variable 
irrespective of the real meaning of these two quantities. This 
generalisation of the concept of velocity is of utmost importance in 
mathematical theory; we shall analyse it in detail in the next para- 


graph. 


i 


*) The term “local” (at the given spot) is already found in earlier chapters ; it 
is a property which can vary at different points. 
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§ 28. Definition of a derivative 


Let y =f (x) be an arbitrary function of the independent vari- 
able x. Ify changes uniformly as x changes (as wc know, the neces- 
sary condition for this to be so is that f(x) should be a linear 
function : f (¥) = xx + @), then the rate of change of y with respect 
to x is equal to a constant number « which in its turn is equal to the 
ratio of the increment of » to the corresponding increment of x 
(x = A y/ Ax) and this ratio will always be the same irrespective of 
the initial value of x and its increment Ax. We have seen all this 
in § 25 where we said that in the general case, when » changes non- 
uniformly, the problem of changes of y with respect to x cannot be so 
easily solved. If we pass from a value x of thc independent variable 
to its new value x+ Ax, then y receives the increment y= f(x+ Ax) 
—f (x); the ratio A.y/ Ax will differ for different sections, i.e. it will 
generally depend on the initial value of x and the increment Ax of 
the independcnt variable. This ratio describes the average velocity of 
change of » with respect to x along the section (*,~ + Ax). If we 
wish to find the local velocity of this change, i.e. the rate of change 
of y with respect to x in the neighbourhood of the given value x of 
the independent variable, then, by repeating word by word the argu- 
ments used in the two examples considered above, we evidently con- 
clude that this velocity should be defined as the limit 


lim m °-——-——— J Nt (1) 

Ax 04% ax30 Ax 
of the ratio of incrcment of the function to the increment of thc 
independent variable when the latter tends to zero. All remarks 
made in connection with the two examples considered above rcmain 
valid in the general case. We can only speak of local velocity when 
the above limit exists; otherwise there is no velocity. The local 
velocity is in general different at different points (i.e. for different 
values of the independent variable x); in the expression (1) we must 
regard the valucs of x as constant during the limiting process (in 
this case only A changes) ; however, although this constant value 
can be chosen arbitrarily, the resulting velocity will be different for 
every choice (therefore we say that it is “‘local’’). 


The local velocity as determined by the limiting process (1) can 
either be positive or negative or zero. It is quite easy to establish 
the true sign of velocity. In fact, if, for example, the limit of the 
ratio Ay/ Ax for « > 0 is positive, then, as we know (theorem 2 
§ 10), this ratio is also positive provided Ax is sufficiently small; 
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this means that we should have Ay > Ofor Ax > Qand Ay < 0 
for Ax <0; in other words, increments of the function and the 
independent variable have the same sign in all cases. This means, 
in its turn, that y increases as x increases (and consequently y 
decreases together with x). If on the other hand velocity is negative, 
then an analogous argument shows that y should decrease as x 
increases and vice versa. Hence the sign of the rate of change 
determines the direction of change of the function (7.e. it shows 
whether the function increases or decreases) ; the rate of change is in 
each case determined by the absolute value of this quantity. 


Finally we note that in all our examples we have confined 
ourselves to cases where the increment Ax is positive (although in 
some examples at the end of § 26 all calculations remain valid and 
lead to the same results, as can readily be shown, for negative A+). 
But in expressions of the type (1) we shall always understand the 
limiting process in the ordinary sense, 7.e. we shall require that the 
limit should exist for both Ax —> + Oand Ax— — 0 and that 
these two limits should coincide; only when these conditions are 
satisfied, we shall regard the local rate of change of the function y 
with respect to x as existing. 


We can thus see that from a purely mathematical point of view 
the calculation of the rate of change of a function always leads to a 
definite limiting process. When we are given the function y = f(x) 
and when we choose the value x of the independent variable, it is 
necessary in’ every case to evaluate the limit 


lim (#2 A*) coe AC 
Ax 0 Ax 


In cases when this limit exists, it has in general different values for 
x; it is therefore a function of x which is usually denoted by y’ or 
ff’ (x) and is know as the derivative of the function y = f(x) with 
respect to the independent variable x. Thus 


y= r (x) = lim J (x ao ao — f(x) ; 
Ax—> 90 AX 
The derivative of the funclion y = f(x) with respect to the independent 


variable x is the limit of the ratio of increment of the function to the increment 
of the independent variable, provided the latter tends to zero. 


The operations of finding the derivative f’(x) of the given 
function f(x) is known as differentiation of the function. In order to 
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evaluate rate of changes which take place in nature and in technical 
processes, we must learn to differentiate as many classes of functions 
as possible. 


Differentiation of functions is one of the most important 
operations of mathematical analysis and we must therefore study it in 
great detail. The science dealing with the laws of differentiation 
and properties of derivatives is known as differential calculus, and is one 
of the main branches of mathematical analysis. At first we must 
learn a series of general rules and special methods of differentiation 
which will ultimately enable us to find derivatives of a very wide 
class of functions which also includes all elementary functions. We 
shall do this in the next paragraph. 


§ 29. Laws of differentiation 


In this paragraph we shall study the general methods of 
differentiation and evaluate derivatives of certain functions. We shall 
thus gradually learn how to find derivatives of a very wide class of 
functions. 


1. Derivative of a constant. Derivative of a constant is equal to 
Zero. 


In more accurate terms this means that if the function y = f(x) 
is constant along a certain section which contains the point x, then 
y = f'(x) = 0. In fact, provided Ax is sufficiently small, we have 
f(x + Ax) = f(x) and therefore Ay = 0; hence Ay/ Ax = 0 for 
Ax # 0 and therefore y’ = lim Be 0. 

Ax 0 Ax 


2. Derivative of a power. Jf y= x" (where n is a positive 
integer), then y = nx™—-1, 


In fact, Newton’s binomial formula gives us : 


Aya (et Aaya ata tang 2 Dent (an? 
seep (AX) ®, 
and therefore for Ax +40 
AY ~ pyn-l gee) nuns Ax + ~+ (Ax)*7} 
Ax ps SP : 
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All terms from the second term onwards on the right hand side 


of this equation contain the factors Ax and therefore tend to zero 
for Ax 0. Hence in the limit 


y = lim OD ged 


Ax70 Ax 


3. Derivative of asum. Jf 
you,tkuget...ty,, 


where Uy, Us, ... , Un are functions of x which have a derivative at the point x, 
we have 


yeu tw, tk... tun, 


or in short: derivative of an algebraic sum is equal to the algebraic sum 
of the derivatives. Infact, let us assume that x receives an increment 
Ax, thefunctions “1, Ue, ..., Un, _y receive corresponding increments 
Aly, Ally...) Aun, AY. It follows from (1) that for the new 
value x + Ax of the independent variable we have the following 
expression : 


YAY = (Uy FAM) (ug + Ate) H.-H (ln + A Un). (2) 
Substracting (1) from (2) we have 


AV=Atl; tAUgt... tA, 


and therefore for Ax ~ 0 


Aun, 


Al Au 
Ae = Sts St... An? 


Ax Ax 
and, finally, taking the limit for Ax — 0 we find that y’ exists and 
that 


2 Sy BS ee ee Se gs 


4, A constant factor can be taken outside the symbol of differen- 
tiation. More accurately: ify = au, where ais a constant and u a func- 
tion of x,and if u has a derivative at a certain point, then y’ exists at that point 
and y’ =au'. In fact, let usassume that when x receives an increment 
Ax, wand y receive corresponding increments Au and Ay. We thus 


have 


yteaAy=alu+ Au); 
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subtracting the equation y = au term-by-term from this we find: 


Ay=4 Al, 
and therefore for Ax 4 0 
Ay_ Au 
Ax Ax. 


Finally taking the limit for Ax — 0 we find that y’ exists and is equal 
to y’ = au'. 


5. Derivative of a polynomal. The four laws which we have so 
far established lead us to a very important result: they show that 
every polynomial y = ay x” + a, x"1+ ...-+4a, has a derivative 
for every value of x and it enables us to write the expression for this 
derivative. In fact, applying the rules established above we can 
readily see that 


yo = nagx™ + (n — 1) ayxP® + 21. Hany. 
Hence derivative of a polynomial is always a polynomial with one degree 
less than the degree of the given polynomial. 


6. Derivative of aproduct. Let y = wv, where uw and v are func- 
tions of x which have derivatives at the point x. Using the usual sym- 
bols we have: 


yt Ay = (ut Au)(v + Ad), 
and on subtracting we obtain 
Ay=t Avu+u7 Au+ Au Az, 


and therefore for Ax > 0 


When Ax -> 0, we should consider u and v to be constant on the 
right hand side (they depend on x but not on Ax) while Aw and 
Av tend to zero (this follows from theorem 8 §11, since the ratios 
Au/Axand Av/Ax have limits in accordance with our assumption). 
Therefore the limit of the last term on the right hand side is equal to 
0.v' = 0 and limiting process gives : 


y= uv + ou’: 
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derivative of a product of two functions is equal to product of the first factor 
and the derivative of the second plus product of the second factor and the deri- 
vative of the first. , 


Note. Existence of the derivative »’ is at first not assumed but 
proved in the course of the argument in the same way as was done in 
deducing laws 3 and 4. The full statement of this rule should there- 
fore be as follows : if the functions uand v have derivatives at certain points, 
then the function y == uv alsa has a derivative at that point, and y'=uv' +0u’. 
This note applies equally to all subsequent laws of this type. 


By using simple induction the reader will be able to extend the 
above law to include any number of factors. 


If y == Uy Ug...Un, then (provided the derivatives of the functions 
Uy, Ug, se, Un EXiSt) 


QS 6 Ue oe cy Ug ad Mig a ek BA 
in order to write down derivative of a product containing any desired number of 
factors we must differentiate one factor and multiply the derivative so obtained 
by the product of all remaining factors; we nist repeat this process in all 
possible ways and add all the products so obtained. 
4 : 


We leave to the reader as an exercise to prove that the laws 2 
and 4 can be obtained from the above law and that they are, in fact, 
particular cases of this kind; the extension of old results on a new 
basis is always instructive and can often be used as a useful check 
for the results obtained. 


7. Derivative of a quotient. Let y = w/v, where uw and v are 
functions of x which have derivatives at the point x, and let v 4 Oat 
at this point. Using the usual symbols we find: 


u+ AU 
J+A pa 
and by subtracting we obtain : 
ut Au u v AuUu— uU AU 
Ay = ee ~ 
v+ Av v v(v + Ad) 
Hence for Ax ~ 0 
Au A 
Ay Ax Au 
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here, as in the above deduction, w and v are constant for Ax > 0 
and Av — 0; therefore the limiting process proves the existence of » 
and gives us the following expression for the derivative 


; vu — ww (3) 


In particular, when the functions wu and v are polynomials, the 
ratio u/v represents a rational fraction; formula (3) thus shows that 
derivative of a rational fraction is always a rational fraction. 


8. Derivatives of trigonometrical functions. (a) Let y = sin +; 
then 


yt Ay =sin (x + Ad), 


A »y = sin (x + Ax) — sin x = 2 cos (# + 4") sin 5, 
eRe qo 
l _— —— 
AY _ ( Ax = ( “*) 2. 
Ag 2 OOS a+ _ Te cos ( *« + 5 ee 
Oe 


the last factor tends to unity as its limit for Ax-> 0; on the other 
hand it follows from continuity of the function cos x (cf. § 24) that 


cos ( * +) -> cos x (Ax — 0), 


therefore the limiting process proves the existence of the limit 


lim (42) = y’ and gives: 
Ax7>0 \Ax 
y” = cos x. . 
(b) Let_y = cos x; a similar argument, which we leave to the 
reader, gives 


(c) Let » = tan x = sin x/ cos“; we are dealing here with 
the ratio of two functions whose derivatives are already found ; 
assuming that sin. x = , cos x = »v, we find, according to formula (3): 


»_ COS X COS x -— sin x (— sin x) ] 
cos? x cos? x 


(d) Ify = cot x = cos x/sin x, then a similar calculation gives 
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The reader will have no difficulty in finding derivatives of the 
functions y = sec x = I/cos x and y = cosec x = 1 / sin x. 

9. Before going further we must introduce another very im- 
portant limit relationship. In § 17 we have shown that the expres- 
sion (1 + 1/2)" tends to a definite limit when zn runs successively 
through the series of natural numbers, and we denoted this limit by e; 
let us now assume that in the expression (1 + 1/x)* the variable x 
increases indefinitely (vx > + 00) and runs through allintermediate values ; 
we can see that we have in this case: 


lim(1+—-) =e. (4) 


In fact, let us denote by n the greatest integer for a given value of x 
which does not exceed x so that 


naowe<cn+i. 


Therefore we evidently have for x > | 


(ay <G+ ey <4 gy 


or 
1 n+1 
Cte G4 ty <a tyiat) 
1+ aa 


if x > + oo, then evidently n — -+ w;0n the left-hand side of the 
above inequalities the numerator tends to the limit e and the denomi- 
nator tends to unity, while on the right-hand side the first factor tends 
to e and the second factor tends to unity. Thus the left and right- 
hand sides tend to the same limit e for x ~ + oo; hence the main 
parts of the inequalities also tend to the same limit, which proves the 


relation (4). 
Let us now assume that *— — o and y = — x, so that 


y—> + wand 


ad ad 
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the first term on the right-hand side tends to the limit e for_y > + © 
in accordance with the proved proposition (since » — 1— + ©) 
and the second term evidently tends to unity ; this shows that 


(1+ LY >e «%+- 0), 
ie, that the relation (4) applies every time for] +| —> + 00 irrespective 
of the sign of x. 


Let us now assunie that in the expression 


en 
(140 


a tends to zero in an arbitrary way (we are only assuming that «40, 
since the above expression becomes void); assuming that 1|/« = x we 
have : 


OT tee ] x 
(lL -+a)* (1 - =) 
we have |x| —> + oo for « > 0 and therefore in accordance with the 


above proof (1 + 1/x)*— e; the above equation therefore shows 
that 


= ¢, (5) 


We have thus proved the above relation and we can therefore use it 
in future. 


10. Derivative of a logarithm. Let y = log,x, where a4l isa 
constant positive number and x >0. In this case 


ytAyp = log, (x + Ax), 


Ay = log, (x + Ax) — log, x = log, (1+ + =") ; 


x 
AIL 1), Ax\_ 1 Ax\_ 1 Ax\*). 
Ax re g(1+S ey ~ Flog, (14-43 )=— lose 4+“) 
Let us now assume that Ax /x = «%; hence we have « — Q for 
Ax —> 0 and it therefore follows from the relation (5) that 
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and since the function log , x is a continuous function, 


x 
Ax 
log a }(1 + a") } logge (Ax—> 0); 


hence lim (42 = y’ exists and 


Ax—>0 S44 


, 


es € 
lO te i 


This result is remarkable insofar as the derivative of a trans- 
cendental function log q x is a simple rational function of the formc/ x, 
where ¢ is a constant. The form of this derivative will be particularly 
simple if we choose e¢ as the base of the logarithmic system, for in that 
case log. ¢ = log, e = | and 


We shall later see that many other analytical formulae are obtained 
in a particularly simple form when ¢ is taken as the logarithmic base. 
For this reason ¢ is usually taken as the logarithmic base in analysis; 
logarithms with the base e are known as “natural’’; the natural 
logarithm of x is denoted by the symbol In x: thus if y = In x, then 
y’ = 1/%; if, on the other hand y = log, x, then, as we have seen, 


, 


een e; 
J 8a és 


but when taking the logarithm with the base a of a = ¢'"@ we 
obtain : 


log,a=1=Inalogae, logge = ’ 


Ina 


so that we can write down the above equation in the form 


11. Derivative of a composite function. Let y be a composite 
function of x i.e. y is given as a function of an intermediate function 
u,y =f (u), and uasa function of x, uw = 9 (x); so that 


y=Fle (3 (6) 
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we must find derivative of the function (6) (i.e. differentiate y with 
respect to x) while knowing the derivatives of the functions f (u) and 
© (x) (i.e. when we are able to differentiate y with respect to wand u 
with respect to +). 


Let us assume that x receives the increment Ax; in that case u 
receives a corresponding increment Aw and therefore y receives the 
increment Ay; if Ax > 0, then Au > 0, Ay — 0, assuming that 


A) 
sep re — f'(u), if Au #0, 
0, if Au = 0, 


Owing to the fact that we have Ay/ Au —>/f' (u) for Au > 0, 
therefore evidently. « > 0 for Ax — 0; further, for Au 0 it follows 
from the definition of « that: 


Ay=f'(u) Auta Au 


but it is clear that this relation jis’ also valid for Au = 0, and therefore 
it is always valid; ene both sides of this relation by Ax we have: 


yA 4 Au 
= = f' ( ae a Ax 5) 
but we have Au/ Ax —> 9’ (x) and « > 0 for Ax — 0; therefore the 
limiting process proves the existence of the limit lim 42) = y and 
Ax->0 
gives 
yi =f (u) e' (*) =f [e (x)] 9% Cs) (7) 


We can therefore see that derivative of a composite function ts equal 
to product of the derivative of the given function with respect to the intermediate 
variable and the derivative of the intermediote variable with respect to the 
independent variable. Hence in order to find derivative of a composite 
function which is given in the form of a two-link chain y = f (u) and 
u = © (x). we must simply differentiate each link of the chain sepa- 
rately and multiply the derivatives so obtained. 


Example 1. » = sin kx, where k is a constant; let us assume 
that kv = u so that 


y= sinu, u= kx; 
it follows from formula (7) that 


y’ =cosu.k = k cos kx. 
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Example 2. y = In cos x, cosx« = u, y = In u; according to 
formula (7) we have 
F 1 sin x 


= —(-—sinx) = — —— = —tanx. 
> 7 ) cos x 


By using simple induction we can extend the above law for 
differentiation of composite function to include functions given in 
the form of a chain of three or more links : 
thus, if 


y=fu), v=o), v= b (x), 
then derivative of y with respect to x can be found by the formula 
YH=fKMPOY +f Lely WP ele Gy’ (x). 


12. Derivative of an inverse function. We know that the relation 
which defines y as a function of x enables us in certain cases to define 
the inverse function, i.e. x as a function of y. Let y = f(x) and let 
the inverse function be x = 9(y). Let us assume that the nonzero 
derivative f’ (x) exists at a point x = 9(y); the increment Ay of » 
corresponds to the increment A x of x; since Ay = f(x + AX) — 
f(x), therefore we must have Ax 4 Ofor Ay 4 0; thus for Ay 4 0 


Ave. (8) 
ay” AD 
Ax 


Let us now assume that A y — 0; if the function x = 9(y) 1s conti- 
nuous at the point y, wc have Ax —~ O and therefore 


ee er 
a OS #05 


the relation (8) thus shows that the ratio Ax/ A y tends to 1/f' (x) for 
A y — 0; in other words, the derivative 9° (y) exists and is equal to 
1/f' (x). We thus arrive at the following law for differentiating an 


inverse function : 


Uf the function y = f (x) has a nonzero derivative at the point x and the 
inverse function x = 0(y) ts continuous at the point y, then o'(y) exists and 


is equal to 1[f'(x). 


13. Derivatives of exponential functions. Let _y = a*, where a is 
a constant positive number; in that case x = logay; according to 10 


the derivative of x with respect toy is equal to 
en eee 
¥ylna ’ 
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and it follows from the above law for differentiating inverse functions 
that 

Se = ylIna= a" lna@; 

in particular, if » = e”, then »’ = e?, i.e. the “simple? exponential function 
is invariant in differentiation : derivative of this function is equal to the 
function itself. 


If y = e%*, where « is a constant, then we can regard y as a 
composite function of x by assuming that av = u; it readily follows 
from (7) that 


In practice:one often comes across the so-called ‘“‘hyperbolic 
functions’, e.g. the “‘hyperbolic cosine’’ 


er + e* 
cosh x =!~—, 
tet 
and the “hyperbolic sine” 
Ay Boy 
er e- 
' sinh x = a H 


oN 
the readcr will be able to show by himself that each of these two 
functions is the derivative of the other. 


14. Derivative of a power function. Let y = x*; where a is an 
arbitrary constant. We have seen in 2 that if « is a natural number, 
then 


= axtt; 
we will now show that this formula remains valid for every «. 
We can write 
eee See Tae: 
and assuming that « In x = u, wehave | 
“y= e%, us=alnx, 
aiid according to the law for differentiating composite functions 


a x 
we = eu o— = 7 . — = axel, 
' a x” 
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which we wanted to prove. 


In a particular case when « = } we have: 
a a ee 
AEX, 2 Sx 
When « = —1, y = 1/x, y’ = —1/x*, and so on. 


This method can be used for finding derivatives of a much 
wider class of functions 


2 L fay Eee", 
where f(x) and (x) are differentiable functions. In fact, 


y= ePMInfim) = gt 4 =o (x) Inf (x), 


and therefore in accordance with the law for sesteaine composite 
functions 


y =e {@ (x) In f(x)}’ = {FP ™ {0 (x) - . +e! (x) In f(x) } 


Example. y = x*, y’ = x*{1 + In x}, 
15. Derivatives of inverse trigonometrical functions. 
(a) Let y = arcsin x for — 1 <x <1s0 that » increases from 
— «/2 to + w/2 as x changes along the section (— 1, + 4). Since in 
this case x = sin y, therefore, as a result of the law established in 11, 
Ces eat eee fae sy ota 
oo Boe PL inte. A Lee 
where the positive square root should be taken so that cos » > 0 for 
—xz/2<»< + 7/2, Hence for y = arcsin x we have 


Re 1 
4 af Y= x2 


We can similarly prove that 


(-1l<*< 1). 


(b) if y = arccos x, then 


1 
f= — eee (- 1x <i )); 
y Ree ( ) 

(c} if y = arctan x, then 
a gp (— O<K< +O); 


14x 
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(d) if » = arccot x, then 


= i (— 0 <x < + ©). 

Note 1. It is interesting to note that inverse trigonometrical 
functions which are transcendental have very simple derivatives 
expressed in terms of very simple algebraic functions (in the case of 
arccot x and arctan x these functions are even rational) (we have an 
analgous case in differentiating logarithms). 


Note 2. It is also interesting to note that-the derivatives of 
arcsin x and arccos + differ from one another only in sign (the same 
also applies to the derivatives of arctan x and arccot x); this can 
easily be foreseen if the following wellknown trigonometrical identities 
are differentiated : 

arcsin x + arccos « = = arctan + + arccot * = > . 

16. In this chapter we have learnt to differentiate all simple 
elementary functions; derivatives of these functions are listcd in the 
table below : 


| ] 
a 0 a* ‘a*\|na]tanx 5 arctan x| -——, 
| cos*x l+x* 
| ‘ 
at 1 1 
xe ] OX Inv | — COLA. i = See farecol es 
x sin? 1+ 
1 1 J ] 
— | — ~3 |logar arcsin | -—=====—| sinh x | cosh x 
x Xx x Ina V1 — x? 
me ] ‘ ] 
Jk) z= | Sin x | cos x jarccosx) ~ —~-—=) cosh x | sinh x 
] we 0 ‘ 
| 2/ x 4/ x 


|) | er cos « | —sin x ; 


The laws of differentiation which we have established above 
enable us to find without difficulty derivatives of any combination of 
functions obtained as a result of algebraic operations or by construc- 
ting any number of composite functions. In order to make the 
reader appreciate how wide this class of functions really is, which he 
is now able to differentiate, we recommend him to try, as an exercise, 
to find a function for which he cannot find a derivative. The 
difficulty of this problem will convince him that his ability to 
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differentiate is very wide indeed. However, the knowledgc of princi- 
ples is insufficient; every mathematician should learn to differentiate 
quickly and unmistakably and in order to learn this he must do 
many exercises. 


Many exercises for differentiation are given in the problem book 
by B.P. Demidovich, Section II, § 1. In addition to these exercises 
(problems 14-68) we would also recommend the student to think over 
some other problems (for example, problems 72, 73, 79, 90, 21). 


§ 30. Existence of functions and their geometrical illustrations 


The given function y = f(x) has a derivative at the point x if 
and only if the following limit exists : 


fle + Ax) — f(s) _ 


lim : lim 30 =): 
Ax—>0 Ax Ax730 A* 


It can readily be seen that it is necessary for this limit to exist that 
the function f(x) should be continuous at the point x; in fact, ,it 
follows from theorem 8 § 11 that the ratio A y/ Ax will have a limit 
for Ax > 0 provided the increment A y isinfinitely small for Ax— 0, 
and this means that the function f(x) is continuous at the point x. 
Hence the function /(x) cannot have a derivative at a point of dis- 
continuity ; in particular, a function which is everywhere discontinuous 
cannot have a derivative (let us remind the function D(x) §§ 4, 20). 


Can a continuous function have no derivative ? It can readily 
be shown that this is possible. In fact, it may happen (and it fre- 
quently does happen) that the limits 

iin. 22. Mie. (1) 
Ax—7>+0 4* Ax>-—0 A* 


exist but do not coincide; a single limit for Ax -> 0 does not exist in 
this case and therefore a derivative does not exist either. This is the 
case, for example, with the function y = |x| for x = 0: since at this 
point y = 0, so Ay coincides with y (and Ax coincides with x); we 
therefore have: 

Ay_ 2 _ |. 


oe Tey 
Ax x x 


this ratio is equal to unity for every x > 0 and it is equal to —1] for 
every x < 0; therefore 
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The question also arises whether it may happen that the 
function y = /(x), which is continuous at the point x, tends to neither 
of the limits (1) so that there is no left or right derivative ? This 
case is also possible but here the construction of an example is some- 
what more difficult. Let us consider the following function which is 
defined for all values of x : 


x sin + (x 0), an 


y= f() = 
0 (x = 0). 
We have for x 4 0 
a. 
| f(x) | = | x sin Tl Sel 


therefore f(x) —-0 for x > 0 and since /(0) = 0, the function f(x) 
is continuous for x = 0. As in the preceding example we have here 
Ax =x, Ay = y; therefore for Ax ~ 0 


Ce ee eae 
Ax x 


Ri) 
Av (dn + lym 2) 
we have 
sD ai ej 
ma nt+—- , sin es 
and for . 
a 
~ (4n — l)z (3) 
1 ™ , 
hy = ann — +s sin ree —I1,. 


But Ax will pass an infinite number of times through values of the 
form (2) and (3) as n increases indefinitely for Ax - + 0; 


varies an infinite number of times between + 1 and —1 and cannot 
tend to a limit. This means that the first of the limits (1) does not 
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exist in this case ; absence of the second limit is proved in exactly the 
same way. 


In all cases considered so far the given function had no deriva- 
tive at one point only (for one value of x) but derivatives exist at all 
other points. On the basis of the above examples it is quite easy to 
construct a continuous function with two, three or an arbitrary 
number of points where no derivative exists. However, it was 
believed for a long time that a continuous function should neverthe- 
less have derivatives everywhere except at certain isolated points; 
this was confirmed in the first place by the geometrical picture which 
we shall now study; only in the second half of the last century an 
example of a continuous function was published which had no 
derivatives at all. At present many methods for constructing such 
functions are known; they are, however, all too complicated to be 
given here. 


The geometrical representation of a function is, as we know, a 
very valuable method of investigation, because many characteristics 
of the function and its behaviour would be difficult to elucidate from 
its formula (or from a table), while the graph illustrates them quite 
clearly. Every characteristic of a function should appear as a geo- 
metrical property on the representative curve in its graphical repre- 
sentation. It may be forseeen that the graph which represents the 
function can also give us a visual representation of its derivative. 
This geometrical analysis of the derivative is very important in 
analysis as well as in geometry and we shall now proceed with its 
study 


Let us assume that the graph represents the function y = f(x) 
on the system of cartesian coordinates (x, ») (Fig. 12). Mark the points 
M(x, y) and N(x + A x,y + Ay) on 
the curve. Draw theline MP parallel to 
the OX-axis. It is evident that in the 
right-angled triangle MNP the sidcs 
adjacent to the right-angle are MP=Ax 
and NP = Ay. Therefore the ratio 
A¥y/ Ax is equal to the tangent of the 
angle formed by the chord MWN and the 
positive direction of the O.X-axis. 


Let us now assume that Ax tend 
to zero. In this case the point M ° 
remains stationary while the point N 
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approaches it indefinitely closely. The chord MN will change its 
direction and at every moment of this process the gradient of the 
chord will be: 


A) 
tan @ = >= ; 
? rer 
if the given function has a derivative at the point x, z.¢. if the follow- 
ing limit exists : 


. AD 

lim =~ = f’ (x) = » 
Ax30 A* 

then this means geometrically that the direction of the chord MN 

tends in this process to a limiting position AZT which makes an 

angle « with the positive direction of the O.X-axis, where 


tan « = hm tan 9 = lim As = y. (4) 


Ax->0 Ax20 AX 


The straight line MT can be defined purely geometrically as the 
limit in a position of the chord MN which joins the point M with the 
indefinitely approaching point NV on the same curve and is known as 
the tangent to the given curve at the point M. Equation (4) shows 
that the derivative of the function f (x) at the point x is equal to the gradient 
of the tangent to the corresponding curve at a point with the abscissa x. If we 
assume as usual (in accordance with our visual representation) that 
the direction of the tangent is characteristic of the direction 
of the curve itself at the given point, we can directly see that 
if the curve (as x increases, 1.¢. from left to right) rises, then its 
derivative is not negative and the steeper the gradient, the greater 
the derivative; on the other hand, if the curve goes downwards (from 
left to right}, the derivative is not positive and in this case the abso- 
lute value of the derivative is the greater, the steeper the gradient is. 
This geometrical representation is in full agreement with the definition 
given at the beginning of this chapter where a’ derivative is defined 
as the rate of changc of y with respect to x; the quicker y increases as 
x increases, the steeper the gradient of the curve y = f(x) and the 
greater therefore the rate y’ of this increment. 


The above geometrical method of representation of a derivative 
enables us to understand more clearly the cases where no derivatives 
exist which we have considered at the beginning of this paragraph. 
Fig. 13 represents the graph of the function y = | x| and Fig. 14 the 
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function y = x sin (I/x). In the first case the line »y = |x| has a 
definite direction to the left and to the right for x = 0, but these 


Fig. 13. Fig. 14, 


directions are not the same; in thesecond case the curve y = x sin(I/x) 
has no definite direction to the left or to the right for x = 0 
(there is no tangent); as | x | gets smaller and smaller, the direction of 
the tangent varies repeatedly between the straight lines y = x and 
y = —w«x and therefore cannot tend to a limiting direction. 


Finally from the point of view of the geometrical interpretation 
it is eaSy to understand why it was thought for so long that every 
continuous function should have a derivative (with the exception of 
some singularities) : in fact, it is very difficult to imagine a continuous 
curve which would not have a tangent ata single point; and even 
now when existence of such curves has been established beyond doubt 
we Can imagine such a curve only very approximately; the position of 
such a curve with respect to its every point is approximately the 
same as the position of the curve represented in Fig. 14 in the neigh- 
bourhood of the point O. However, such curves exist and their 
discovery was one of the most vivid examples in the history of mathe- 
matics that intuition, which reigned for centuries, may sometimes be 


mistaken. 


Finally, let us note that knowledge of the value of the derivative 
y’ makes it possible to use elementary methods for construction of the 
tangent to the curve y= f(x) at the point M. In elementary 
geomtery we have learnt how to construct a tangent to a circle and 
in analytical geometry how to construct tangents to all curves of the 
second order; but only differential calculus shows us how toconstruct, 
in general, a tangent to an arbitrary curve at a given point. 


CHAPTER VII 
DIFFERENTIALS 


§ 31. Definition and relationship with derivatives. 


If the function y = f (x) has a derivative at the point x, 


then the quantity 


is an infinitesimal for Ax > 0. It therefore follows that 
Ay—y' AX =% Ax 

is an infinitesimal of a higher order as compared to Ax; using the 
symbols introduced in’ § 12 we can denote this quantity by o( Ax) ; 
hence 

Ay=)' Ax +0 (Ax). (1) 
Owing to the fact that y’ = f’(x) depends only on x and remains 
constant for Ax > 0, therefore, y’ Ax is proportional to Ax; hence 
the relation (1) shows that the increment of a function which has a derivative 


at the point x can be represented as sum of a quantity proportional to Ax and 
an infinitesimal of a higher order as compared to Ax. 


Conversely : if the increment of the function y = _f (x) at the point x 
can be represented in the form 
Ay=a@ Ax +0 (Ax), (2) 
where ais independent of Ax, then the function y is differentiable at the point 
x and f(x) = a. In fact, it follows from (2) that 
AY 


a 
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and therefore 


ie. y! = 
Example I. f(x) =1n x; it follows from formula (1) that f(! +9) 
—f(l) = f’ (1) » + o(y) (y + 0); but f(1) = 0, f(t) = 1 and we 


have . 

n(l +9) =y +0(9), 
or, which is the same, 

n(l + y)~y (9 +0); 


only natural logarithms possess this most important property which 
makes their use so convenient in mathematical analysis. 


ae f (x) = e*; it follows from formula (1) that f(x) 
—f(0) = ) x + o(x) (x > 0); but /(0) =f’ (0) = 1 and therefore 


ew — | =x + 0(x), 
or, which is the same, 
: ew —1lw~x (x > 0). 

The expression for Ay giveniin formula (1) is exceptionally 
important, for it shows that the increment of the function given 
accurately up to infinitesimals of higher orders can be represented by 
a linear function of the increment of the independent variable. In 


this formula the first term _y’ Ax which is proportional to Aw is said 
to be differential of the function y and is denoted by dy so that 


Ay = dy +0 (Ax). (3) 


Hence differential ‘of a function is product of the derivative of this 
function and the increment of the independent vartable, so that for example 


dsin x = cos x AX, 


Ax 
Ay 


I 


din x 
etc: It means that in order to define differential of a function it is 
necessary to know the initial value of the independent variable x and 
its increment Ax; only thereafter it is possible to define fully the 
differential of a function and evaluate it. 
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We have seen above that if the increment A y of the function »y 
can be represented in the form (2), then the first term: on the right- 
hand side is cqual to_y’Ax = dy; therefore differential of the function 
at a given point can simply be defined as a | quantity proportional to 
Ax which differs form Ay by an infinitesimal of a higher order as 
compared to Ax. Such a quantity is often called principal linear part 
of the increment Ay. We can therefore say that differential of a 
function (for given x and Ax) is principal linear part of its increment. We 
can also sce that 2m order that a function should be differentiable at the given 


point it is necessary and sufficient that its increment should have a principal 
linear part. 


This definition defining a differcntial as principal linear part of 
the increment is very important, for it serves as the basis of the most 
important application of differentials. We shall later see that 
existence of derivatives and existence of principal linear part of the 
increment are no longer equivalent requirements for functions of 
several variables; it is noteworthy that the, most natural definition 
of differentiability of a function in such cases is, as we shall see later, 
not the existence of derivative but the existence of principal linear 
part of the increment. 


The theoretical and the immediate practical (calculative) 
significance of a differential is mostly based on formula (3). The 
dependence of Ay on Ax is generally rather complicated and calcula- 
tion of the accurate value of A y for given x and Ax is rather difficult. 
The relation (3) however, shows, that if Ax is small, the approximate 
evaluation of Ay can be successfully replaced by evaluation of dy, 
for the difference between these quantities (i.e. the error due to this 
replacement) is an infinitesimal of a higher order as compared to 
Ax and therefore comprises only of a negligible part of the evalu- 
ated quantity for small Ax (provided, of course, that y’ 4 0(, Asa 
rule it is always much simpler to evaluate dy than A y, for the 
dependence of dy on Ax is linear. 


Let us now consider a simple example. Let us assume that we 


want to evaluate approximately the expression In (2 + «), where « is 
very small. 


The differential of the function Inx is equal to Ax/x; when 
x = 2, this differential is equal to Ax/2; therefore assuming that 
Ax = « we find from formula (3) 


In (2+ 2) ~In2= = +0(a), 
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and therfore 
In (2 + «) = In 2 + > + 0 (a); 


thus by knowing In 2 we can immediately find the value of In (2 + «) 
with a good approximation for sufficiently small values of «; thus 


In 2.001 In 2 + 0.0005, 
In 2.002 D In 2 + 0.001, 
In 2.003 ~ In 2 + 0.0015, 


etc. It is clear that this method is very useful, for example, for 
compilation of logarithmic tables. Obviously in every case an 
assessment of the error o( Ax) incurred as a result of replacement of 
the increment of the function A y by its differential dy must be given. 
This assessment necessitates further development of the theory and 
we shall find later on that it can be found. The student will find 
useful exercises in the problem book by B P. Demidovich, Section 
II, Nos. 144, 145, 159, 160, 164. 


Since derivative of the function y = x is equal to unity for 
every value of x, therefore differential of this function is simply equal 
to Ax for every value of x so that the increment and differential of 
the function y = x coincide*) : 


Ax = dx; 


we can therefore replace Ax by dx in the expression for diflerential 
of an arbitrary function y = / (x); this gives 


dy = y' dx, 
and therefore 


aD; (4) 


the derivative is equal to the ratio of differential of the function to differential 
of the independent variable. The expression (4) for the derivative is 
very convenient, for its symbols are used as much as the symbols y 
and f’(x); it is, of course, somewhat more complicated but its advan- 
tage is due to the fact that it clearly shows the variable x with 
respect to which we differeetiate. ‘his is particularly important in 
cases where the problems includes derivatives of one function with 


*) This evidently also applies to every linear function y = «x + 8. 
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respect to different variables. Thus when we differentiate a compo- 
site function given by a two-link chain y = f(u), u = 9 (x) (§ 29), 
we must deal with derivatives of » with respect to the independent 
variable x and to the intermediate function xu; the notation »’ is, here 
less convenient, for it does not directly show which of the derivatives 
in question it symbolises; on the othcr hand, by using thc notation 
(4) we write in such cases dy/dz and dy/du respectively and directly 
see with respcct to which variable we differentiate (the notation 
dy/du requires further explanations which will be givcn in § 33). 


The relation (4) is of utmost importance in further development 
of differential calculus as we shall see in the following paragraphs. 


§ 32. Geometrical illustration and laws for evaluation. 


Like any other quantity which is determined by the course of 
the function y = f(x) the graphical representation of differential of 
this function should present an appropriate geometrical picture. Fig. 15 
represents a detail of Fig. 12. Here MT represents the tangent to 
the curve y = f(x) at the point M with co- 
ordinates (x, y). In the right-angled triangle 
MTP the side TP adjacent to the right angle 
is equal to the side MP, which is also adja- 
cent to the right angle, multiplied by the 
tangent of the angle a; but MP = Ax, tan 
a= y = f’(x); therefore 


TP=y Ax =/f' (x%) Ax = dy; 


thus in our diagram the differential of the 
function y = f(x) which corresponds to the 
given valucs of z me Ax is represented by TP 
-—-Ox —--—+|P — which is evidently equal to the increment of 
Figs 15. the ordinate of the tangent MT from x to 
x + Ax (at the same time the increment of 
the ordinate of the curve y = f(x) itself along the same path). Since 
Ax = dx, so the relation (4) §31 of the derivative and the differen- 
tial is given in fig. 15 by an elementary trignometrical formula 


eee 
tan a MP? 


which connects the sides adjacent to the right angle in a right-angled 
triangle with one of its acute angles. 
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‘The mechanical illustration of a differential is also intcresting. 
Ifs = f(f) is the law of motion of a body, then, as we know 
(cf. $26), s° = f’ (t) represents the instantaneous velocity of this 
motion at the instant ¢. The differential of the path 

ds=s' At=/f'(t) At 

is therefore equal to the length of the path covered by the body if at 
the instant Aé it is moving with the same velocity as at the moment ¢ 
(i.e. if its velocity from the instant ¢ onwards remains unchanged 
during the time interval Aft). When we say that the car moves at a 
given instant with the velocity of 40 km per hour, we really mean 
that it has covered a distance of 40 km during the past hour 
provided it constantly maintained the same speed as at the given 
instant. Hence this number (40 km) represents the diffcrential of 
the path covered by the car at the given instant (when Af = 1 hour). 


Finding differential of a given function, like finding its deriva- 
tive, is known as differentiation of this function; the fact, that these two 
operations are known by the same name is natural and intelligible : 
if the derivative y’ is known, then in order to obtain differential dy it 
is sufficient to multiply it by the given number Ax which is given 
quite independent of x so that, evidently, no further analytjcal 
calculations are necessary. All differentiation laws (both general and 
special) which we have established in §29 can be converted into laws 
for evaluation of differentials on simply multiplying the corresponding 
equation by Ax =dy. Thus, for example, if y = sin x, we find 
from - 


that 


dy = cosxdx ; 
if y = In x, we obtain similarly from »’ = dy/dx = 1/x: 


dy=— , 


x 


ete. Ify = yy, +o2t e EIWm then it follows from the established 
law that 
a see 


or, which is the same, 
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and on multiplying by dx we obtain : 
dy=dytdyntk... tdy 


(the law for finding differentials of an algebraicsum). On the basis 
of the corresponding laws for derivatives we can similarly establish 
differentiation laws for products or functions : 


d (uv) = udv + vdu, 
d (UyUg ... Un) = duy (ty ... Un) + uy dug (lg... Un) + 


+ Uyu,du; (Us cae Un) + eee + Uyzuo eae Uyang 2 by; 


u vdu—uduv 
(B= "5, 


U 


For further useful examples cf. problem book by B. P. Demidovich, 
section II, problem Nos. 151-156. 


§ 33. Invariant character of the relationship between a derivative 
and a differential 


_We have seen that the differential and the increment are the 
same for an independent variable and, therefore, if x is the independent 
variable, the initial expression 


dy=fl(n)Ax | (1) 


for the differential of the function y =f (x) can be written in the 
form 


dy = f' (x) dx. (2) 


Let us now assume that x is not the independent variable but 
is in its turn an arbitrary (differentiable) function of a new indepen- 
dent variable ¢: 


x= (f). 


Since the differential and the increment of the function (in contrast 
to the independent variable) are, in general, no longer equal to one 
another, therefore, in this case dv 4 A x, and both relations (1) and 
(2) can thus no longer be right; only one relation is at best valid. 
We will show that, irrespective of the nature of the (differentiable) 
function 9 (¢), the relation (2) always remains valid. 


In fact, ify = f(x) and x= 9 (t), where ¢ is the independent 
variable, then we can regard y = f[9(t)] as a composite function of ¢. 
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As we know, the derivative of this function is equal to /’ (x) 9’ (¢) and 
therefore its differential is equal to 


dy =f" (x) 9'(t) dt; (3) 
but, on the other hand, we have x = 9 (¢) and therefore 
dx = 9'(t) dt; 


hence it follows from (3) that 


dy = f '(x) dx, 


which was to be proved. 


Thus the relation (2), or its equivalent relation 
ay d 
y' =f" (x) = 
x 


applies in both cases irrespective of the fact whether x is the indepen- 
dent variable or an arbitrary function of another quantity. This 
relationship between a derivative and a differential is said to be 
invariant (unalterable) with respect to any transformation of the independent 


variable. oe 
r oO 


It is interesting to note that in the light of this invariance the 
law of differentiation of a composite function 


dy ,, ; 
aap (x) 9" (¢) 
can be written in the form 


dy dy dx 

a dx a? o 
for we. have shown that f’ (x) = dy/dx; the law obviously appears 
trivial in this from; however, it would be wrong to prove this law on 
the basis of the relation (4), for the relation (4) is itself obtained as a 
corollary of the invariance of the relation (2), in whose proof we 
already used the law for differentiation of composite functions. 


CHAPTER VIII 
DERIVATIVES AND DIFFERENTIALS OF HIGHER ORDERS 


§ 34. Derivatives of higher orders 


The derivative 9’ = f'(x) of the function » = f(x) isa function of 
the variable x on which y depends; the problem of differentiating y’ 
can therefore arise. Ify’=f"(x) has a derivative, then this derivative 
is denoted as follows : y"=f"(x) and known as the second derivative or 
the derivative of second order of the function y = f(x). Similarly the deri- 
vative of the function y", if it exists, is known as the third derivatlve 
of the initial function y= f(x); in general, if the Ath derivative y™ 
=f (x) of the function y exists and is defined and if the function» ™ is 
differentiable, then its derivative is denoted by y (+) = f+) (x) and is 
known as the (n+1)—th derivative (or as the derivative of (n+ 1)—th 
order) of the initial function-y = f(x). 


Derivatives of higher orders occur quite frequently in many 
problems of accurate natural study, technical processes and other 
scientific and practical branches. ‘Therefore the ability to find them 
and the knowledge of their properties is not’ offly necessary for mathe- 
maticians but also for scientists in every branch where mathematical 
arialysis finds application. We have seen in $ 26 that ifs = f(¢) is the 
law of motion of a body, then s’= f’ (t) cxpresses the instantaneous 
velocity v (t) of this motion at the instant t. The second derivative 
s" =f" (t) =u (t), «we. the derivative of the instantaneous velocity, 
denctes the “rate of-change of velocity’; in mechanics this quantity is 
known as acceleration ; its importance is very great mainly because, 
according to the well-known Newton’s law, acceleration is proportional 
to the acting force ; the majority of mechanical problems are phrased 
in such a way that the acting forces are given and the motion due to 
their action is to be found; but giving acceleration is equivalent to 
giving of the acting force and therefore a typical mechanical problem 


136 
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involves establishment of the character of motion from the given 
acceleration. The second derivative has several important geometri- 
cal applications which we shall learn later. 

It is obvious that in order to find derivatives of higher orders it 
is only necessary to perform successively a series of ordinary differenti- 
ations and so no other new: methods are needed. Here we shall only 
note several interesting results for some elementary functions. 

1. We have seen in § 29 that derivative of a polynomial y= 
Apx” + ayx™-1 + ... + a, is a polynomial of degree one less than the 
degree of the given polynomial and has the leading term nagx""; 
eachnew differentiation lowers the degree by one each time ; thus 
the derivative of the nth order 


y (1) =n! ay 


isa polynomial of order 0, 7 ¢. a constant ; therefore 


bass Di pee 
y (n-+1) ss y (nt ee = 0, 


i.e. for a polynomial of the nth degree the derivatives of all orders greater than 
n are identically equal to zero. 


2. We know that the function y =e” remains unchanged by 
differentiation (y ‘= y). Therefore evidently y'” = y = ec for any n. 
More generally, if y =a", we have y’ =» Ina, and therefore y= 
y (In a)"=a® (In a)" for any n. 


3. The derivative of the function y =sin x is y’ = cos x and that 
of the function z= cos x is z’ = — sin x; hence 


t 


y" = —sinx, y'”’ = —cosx, y = sinx, y ©) = cos x,...; 
the successive derivatives of the function sin x form, as we can sce, a 
periodic series with a period of 4, so that for any n 


yn) = sin x, yO") = cos x, y AN c= — sin x,y ON) = —cos x 5 


and similarly for the function z = cos x : 


z (42) — cos Miz (dn+1) — — gin x2 (4n42) —. cos te z (ints) — gin we 


this is the same series as above but it has shifted by one position. 


4. The derivatives of the functions In x, arctan x and arccot x 
are, as we know, expressed in terms of rational fractions ; therefore it 
evidently follows that the derivatives of all orders of these functions 
will also be rational fractions ; similarly the derivatives of all orders 
of the functions arcsin x and arccos x are algebraic functions. 
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5. We know that the first derivative of every elementary func- 
tion is in general also an elementary function; it therefore evidently 
follows that the derivatives of all orders of elementary functions are 
always elementary functions. 


6. The law of differentiation of an algebraic sum can evidently 
be extended without changes to derivatives of all orders. However, 
the second differentiation of product of two functions deserves special 
attention : if y= wv, where u and v are differentiable functions of x, then, 
as we know, 


yy’ =u’ +o’, 
and it can readily be seen that , : 
y” suv’ + 2u'v’ + u"2, 
oy uel”! + B8u'o” + 3u"o’ + u's, 
which makes it reasonable to assume that for every n 
yh) = anguv™ A agyu’v™—Y 4 angu"y™2 4, 
ee oP Anyn urd fe Git 0, (1) 


where “no, “ny +++) “nn are constants independent of the form of the 
functions u and v; this proposition which we have already proved for 
=1, 2 and 3, can readily be proved, for every x by the method of 
induction, (we leave the proof to the reader). The numbers “no, “n1, 
--> “nn Must only be found. Since these numbers are independent of 
the form of the functions uw and v, they can be chosen specially. Assuin- 
ing that 
t=O te", 


where ¢ is an arbitrary constant, we find that 


ui) = e”, yim) — pte, 
= Gee rhle gilt) — (i + 1)*e(@tz 
and formula (1) gives : 
(¢ + L)telttha = OH ,petel® + On ere” lett “fs 
+ ctnge™e™2el® 4 +b oygetel® = 


— plti+l)x/ - = 
= ltt *ongl” + onyé” } + Unb? + +%nn); 


and therefore 


(¢ + ])" = nyt” + gt | Oy? * ar es a Sno 
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where the number £ is arbitrary ; comparing this formula with the ex- 
pansion of (¢ + 1)" by the binomial formula we can see that two 
polynomials which are identically equal should have similar corres- 
ponding coefficients in pairs and therefore 


and formula (1) gives : 
yee = Coup’ +- Chu! y +- roan -f C4 u (n—1) v’ -|- Ce u (n) v. 


This is the so-called Leibnitz formula which gives the nth deriva- 
tive of a product of two functions in terms of the derivatives of the 
factors up to nth order inclusively. 


§ 35. Differentials of higher orders and their relationship 
with derivatives 


Differentials of higher orders are determined just as derivatives. 
The second differential d? y of the function y = f(x) is the differential 
of the first differential 


d*y = d (dy); 


and, in general, if the differential d”y of order n of the function y is 
already determined, then 


d"tly = d(d"y). 


Since dy is by definition a function of two independent variables, viz. 
x and Ax, the expression d (dy), with whose help the second differen- 
tial d? y is determined, requires some explanation ; while pcrforming 
the operation d (dy) we are always considering dy as a function of x 
alone by assuming Ax to be constant; this remark also applies to all 
subsequent differentials and Ax is assumed to be onc and the same 


for differentials of all orders. 


In order to establish a relationship between differentials of higher 
orders and the corresponding derivatives let us at first recall that 


dy = y" Ax; 


i.e. the formation of a differential of a given function involves 
multiplication of its derivative with respcct to x and the increment 
4x of the independent variable and, as we have alrcady emphasized 


140 A COURSE OF MATHEMATICAL ANALYSIS 


on many occasions, the quantities x and Ax should be regarded as 
independent of one another. Thus in order to find the second differ- 
ential d?y = d (dy) of the function y we must find the derivative dy 
with respect to x and multiply it by Ax. But dy = y Ax, where 
the second factor isindependent of x and in differentiation of product 
with respect to x it should be regarded as a constant ; the derivative 
of dy = » Ax with respect to x is therefore equal to “ Ax and 
hence 


d*y =d (dy) = y" (Aa; 


repetition of this operation evidently gives 


tr 


dey = y"" (Ax)?, 


and in general 
d”™ = 4 {n) (Ax)"; 


the differential of order n ts equal to the derivative of the same order multiplied 
by the nth power of the increment Ax. Conversely, it gives 


(n) —— —+_. 
j= (1) 


where the donominator should be regarded as (dx)" but, for the sake 
of simplicity of notation, brackets are always omitted. ‘Thus the 
derivative of order nis equal to the differential of the same order divided by the 
nth power of the ( first) differential of the independent variable. 


Formula (1) is a generalisation of the formula y = dy/d x and, 
like this formula, can in many instances serve as a vcry convenient 
method of notation for derivatives of higher orders. However, the 
formula y’ = dy/dx is, as we know, invariant with respect to every 
transformation of the independent variable (z.e. 1t remains valid even 
when x is not the independent variable but a function of a new 
variable ¢); formula (1), no longer possesses this invariance property 
for n>1, and essentially depends on the fact that vis the independent 
variable. In fact, we will show that formula (1) is in general not 
valid for n = 2 ifx = 9(t). We know that in this case (assuming 


that » = f(x)) 
dy =f" (x) dx = f' [ele @ dé. 
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While taking the second differential d7y = d(dy ) we should differen- 
tiate dy with respect to and multiply the result by di. This gives 


dy={f" foie’? +f fewle*@} de = 
=f" [e(D) [oe OaP +f" [p(Qle” (di? =f"(x)d x? + f' (x)d2x, 
since 9’ (t) dt = dx and o"(t) di? = d*x. We therefore obtain 


d? “ f d* 
S=faMtr as, 


whereas if x is the independent variable we have 


a ane 
ie =f" (x); 
the additional term 
: d2x 
fas 


appears as a result of the fact that x is now a function of the inde- 
pendent variable ¢; in fact, if x is the independent variable, then 
dx = Ax,d*x = 0 and the additional term is absent. 


We have already said that finding differentials and derivatives 
of higher orders does not necessitate any fundamentally new methods 
and therefore not many exercises are needed. The student will find 
many interesting problems in the problem book by B. P. Demidevich, 


section II, §5. ‘ 


CHAPTER IX. 


MEAN VALUE THEOREMS 


§ 36. Theorem on finite increments 


In the last three chapters we have studied practical operations 
of differentiation. We have learnt how to find derivatives and 
differentials, and the theorems proved there are mainly designed to 
help and fecilitate this process. As we have done all this and learnt 
the technique of differentiation, we must study some further proper- 
ties of derivatives and differentials, i.e. we must study the properties 
which form the theoretical basis of differential calculus. Amnog the 
laws which we shall study as such a prominent part is played by 
several theorems which can be given the common name “‘mean value 
theorems’; this title in general involves propositions which imply 
existence, under specific conditions, of a given point ¢ (or ‘‘mean 
value’) in the given interval (a,b) at which the given function 
possesses certain properties. We have already met one such theorem 
in Chapter 5 (theorem 3 §23) : if the function f(x) is continuous in 
the interval (a, 6) and has opposite signs on its ends, then a point ¢ 
can be found in this section such that f(c) = 0. The main charac- 
teristic of theorems of this type is due to the fact that they do not 
give any indications as to the position of the point ¢ in the interval 
(a, 5) but only prove the mere fact ofits existence. We shall now 
establish several such theorems for the function f(x) which is differen- 
tiable at every point in the interval (a, 6) and in every case we shall 
assume that lim A »/Ax exists at the point a only for Ax > + 0 and 
at the point 8 only for Ax > — 0, 


Let us at first prove an auxiliary proposition which we shall 
find useful later. 
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Lemma. [f the function f(x) has a derinative at the point x and if 
the following inequalities holds 


I(x +h) <flx), fle — h) < f(x) (1) 
for all sufficiently small h>O, then f' (x) = 0. 


Proof. It is given that /’(x) exists; therefore for h > + 0 we 
should have : 


PIP DEI) gy, Se NaI), px); 


the first of these fractions, as a result of the statement of the lemma, 
cannot be positive for a sufficiently small A and therefore (corollary 2, 
theorem 2 $10) its limit must also be f’ (x) <0; similarly the 
second fraction cannot be negative for a sufficiently small A and 
therefore its limit must be f’ (x) > 0; hence the derivative f’ (x) can 
neither be positive nor negative and it must therefore be equal to 
zero. 


Fig. 16. Fig. 17. 


This lemma means that ai the point where the function acquires its 
maximum value as compared to an adjacent value, the derivative, in case it 
exists, Should be equal to zero. ‘The lemma evidently remains valid also 
when the value of the function f(x) attains its minimum at the point x 
as compared to an adjacent value, z.e. when the inequalities (1) are 
replaced by opposite inequalities. This lemma can be geometrically 
illustrated by representing » = f(x) in the graphical form (Fig. 16) : 
at the point where the curve y = f(x) attains its highest or lowest 
position as compared with its immediate neighbourhood, the tangent, 
in case it exists, should be parallel to the OX-axis; in this event we 
do not exclude the case when the function also has the same values 
(as at the point x) at other points which can be as close to x as we 
please (or which can be sufficiently close to x); thus for the function 
represented in Fig. 17 the statement expressed by the lemma remains 
valid for every point on the line (a, 0). 
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Theorem (Rolle’s). Jf f(a) = f(b) and the function f(x) is conti- 


nuous in the interval (a, b) and differentiable at every point in ‘that interval, 
then an interior point ¢ can be found in the interval (a, b) at which f' (c) =0. 


Proof. Let us assume that f(a) = (5) = Y for all points x in 
the interval (a, 6), 2.¢., the function f(x) is constant in that interval, 
then f’(x) = 0 at cvery point x in thatinterval. Otherwise the 
interval (a, 6) will contain points at which f(x) > Y or other points 
at which f(x) < ¥ (it may, of course, happen that neither points 
exist). For the sake of argument let us assume that there exist points 
for which f(x) > Y. 


Since the function f(x) is continuous in the interval (a, d), 
therefore, according to theorem 2 § 23, it should attain its maximum 
value at a point ¢ in that interval ; it is 
evident that f(c) > Y ; therefore the 
point ¢ does not coincide with a or 4, 
?.e. it is an interior point of the interval 
(a, 6); it follows from the definition of 
the point ¢ that for all points in the 
interval (a, b), including all the points 
x situated sufficiently close to the point 
c, we have f(x) </f(c); hence applying 
the lemma we have f’(c) = 0 and the 
theorem is thus proved. 


Fig. 18. 


The geometrical illustration of Rolle’s theorem is evidently 
based on the fact that between two points on the given curve, situated 
on the same level, a point can always be found so that the tangent at 
this pointis horizonal (Fig. 18) ; in this case we assume that a tangent 
at every point exists on the given section of the curve. 

Theorem (Lagrange, on finite increments). If the function f(x) 
is continuous in the internal (a, b) and differentiable at every intertor point 
of this internal, then a point c can be found 
in this interval at which Y 


poate yy 


Owing to the fact that 


S(b) — fla) 
b--a 


is the slope of the chord joining the 
points [a, f(a)] and [6, f(b)] of the 
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curve y = f(x) (Fig. 19), therefore from a geometrical point of view 
Lagrange’s theorem maintains that for a curve which has a tangent 
at every point, a point can be found between the endsof every chord 
at which the tangent will be parallel to the chord. It is evident that 
Rolle’s theorem is a particular case of Lagrange’s theorem when 
the given chord is parallel to the O.X-axis. 


It is obvious from the geometrical representation that the 
general case can be deduced from the particular one simply by 
turning the diagram and therefore the analytical proof should also 
not be complicated if we base it on Rolle’s theorem. 


Proof. Let us consider the auxiliary function 


f(b) — f(a) 


Riese (weet), 


9(x) = f(x) - f(a) 
which geometrically represents the difference between the ordinate of 
a curve and ordinate of the chord as shown in Fig. 19. Evidently 
o(a) = 2(6) = 0; on the other hand the function ?(x), like the 
function f(x), is continuous in interval (a, 6) and differentiable at 
every point of this interval, and 

te J (6) — f(a) 
x) = f (x) b—a . 
If follows from Rolle’s theorem that a point ¢ can be found in the 
interval (a, 6) such that 


= (9 - LILY) =o, 


which prove Lagrange’s theorem. 


This is one of the most important theorems of differential 
calculus and we shall frequently use it. The relation (2) stated by 
this theorem is sometimes, for the sake of convenience, written in the 


form 
S (6) — fla) = fF (c) (6—a). (3) 


The meaning of this statement is not altered in any way by the fact 
that if the function f(x) has a derivative at every point in the 
internal (a, 6), then a point ¢ can be found between a and 6 at which 


the relation (3) holds. 
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Let us finally rewrite the same relation in a different notation. 
Let us write x instead of a andx+ Ax instead of 0, where b—a= Ax; 
we thus obtain : 


f(x + Ax) — f(t) =f' (6) AX (xX <e< e+ Ax). 


If we denote f (x) by 9, then it is convenient to denote the left- 
hand side of this relation by A y, as we did in the past. It is also 
convenient to denote the point c, about which we only know that it 
lies between ¥ and « + Ax, by x + 9 Ax, if we agree that § denotes 
a number (unknown) which lies between 0 and 1 (0 < @ < 1). Our 
relation thus becomes 


Ay=fil(x + Ax) — f (x) =f'(x +0 Ax) Ax. (4) 


It is interesting to compare this equation with another equation 
which we have used several times in chapter 7 : 


Ay =f’ (*) Ax + 0 (Ax); 


this relation shows that the increment A y of the function » = f (x) 
is equal to product f’ (x) Ax with an accuracy up to infinitely small 
quantities of higher orders; the equation (4) (i.e. the theorem on 
finite increments) shows that in this expression the term o(Ax) can 
be completely rejected but that in the main term the derivative f’(x) 
must be replaced by a derivative at some (unknown) point x + §Ax 
which lies between x and x + Ax; both relations are very useful and 
have many applications. 


The following theorem is an important generalisation of Lag- 
range’s theorem : 
Theorem (Cauchy). Jf the functions f (x) and © (x) are continuous 


in the interval (a, 6) and differentiable at every point in that interval where 
pe’ (x) FO (a < x < A), then a point c (a <¢ < b) extsts such that 


JNO) F(a) J M6) 
1b) — 9 (a) 9c) ’ 


(i.e. the ratio of increments of two functions is equal to the ratio of 
their derivatives at one and the same point in a given interval). 


The proof of this theorem can be carried out in exactly the 
same way as the proof of Lagrange’s theorem. The following func- 
tion should be taken as the auxiliary function 


ria - fa — 4 =F [9 ®) — 9 @] 


MEAN VALUE THEOREM 147 


‘{p(b) — (a) + 0, since otherwise, in accordance with Rolle’s 

‘theorem, we would have 9’ (c) = Oat a pointe (@ < ¢ <b) which 

-contradicts the conditions of the theorern]; all other arguments are. 
“the same as above and give us the relation 


F(b)—fla) oo. 
TN) eae eay ee (a<c< B), 


“from which (5) follows. 


It is evident that Gauchy’s theorem becomes Lagrange’s theorem 
‘when we choose 9(x) = x and is, in fact, a generalisation of this 
‘theorem. 


We have already said that the theorems studied in this para- 
‘graph have many applications in analysis. We shal] now consider a 
‘simple but very important example of this kind of application. 


We know that the derivative of a constant is equal to zero. Is 
the converse also true, %.¢. can we say that the function /(*) whose 
-derivative at every point of a given interval is equal to zero is cons- 
tant in that interval ? ‘To answer this question let us take two arbi-’ 
‘trary points +, and wv, in the given interval; it follows from 
Lagrange’s theorem that 


SF (%2) -- f (x1) = f'(e) (ve — ¥)), 


where c is a point between 1, and x); but we have assumed that 

_f'(x)=0 at every point x in our. interval and therefore also /’ (c) = 0, 
and hence f (x2) = f (x1); the values of the function f (x) are equal 
at two arbitrary points in the given interval and this means that the 
function f(x) is constant in that mterval. We thus see that the 
theorem on finite increments enables us to prove the following impor- 
tant proposition which we shall frequently use : 


Theorem. If f'(x) = 0 at every point in the interval (a, 6), then the 
function f (x) is constant in that interval. 
In the next two paragraphs we shall consider some other impor- 
tant applications of the proved mean value theorems. 


§ 37. Evaluation of limits of ratios of infinitely small and 
infinitely large quantities 


_ While considering the general theory of limits (chapter 2) we have 
‘said that the ratio of two infinitely small quantities (of infinitely large 
quantities) can in a given process have avery diverse character of change 
an relation to the nature ofthe infinitely small (or infinitely large) quan- 
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tities so that we cannot make any general predictions as to the beha~ 
viour of ratios of this type. At the same time the true value of these 
ratios is very important : thus, as we now know, the derivative of a 
given function, which is the fundamental concept in differential cal- 
culus, is defined as limit of a ratio of infinitesimals. It is therefore 
clear how valuable is to find a more or less general method for 
evaluating limits of such ratios in case they exist. One such very 
useful and at the same time simple and powerful method can be 
developed on the basis of mean value theorems which have been 
proved in the previous paragraph. We shall now consider this 
method. 


Let us assume that the point a belongs (i.e. it lies on or is one 
of the ends) to a segment A along which the functions /; (x) and f(x): 
are continuous; let /; (a2) = ff, (a) = 0, where both functions are’ 
differentiable at every point in this segment and f’, (x) + 0. In that 
case ff, (x) = 0 (x 4 a) along A, for otherwise, in accordance with 
Rolle’s theorem, f’, (x) would vanish at a point in the segment A 
other than the point a. We can therefore consider the ratio. 
ST 3(x)/ fo(x) of two infinitely small quantities and trv to find its limit 
forx >a. Since f; (a2) = fs (a) = 0, therefore 


Ji fs) _ fal)—fil@ , 
Fo (x) Se(*) — fe (a) ’ 


it follows from Cauchy’s theorem proved in § 26 that all requirements: 
are evidently satisfied in this case and therefore 


file) 2 fi (¢) 


Je (x) S's (6) ’ 
where c is some point (‘‘mean value’’) between a and x. Let it now 
be known that the ratio /"; (x) / f’, (x) tends to a certain limit / for 
x — a; since ¢ lies between a and x, therefore for x > aandc—> awe 
have 


(1) 


F's (c) 
F's (6) 


and equation (1) also shows that 


Fi (x) oe 
Fe (x) 


We have thus proved a theorem known as l’Hospital’s rule = 


Let fy (a) = fe (a). = O and let the functions fy (x) and fe (x) be 
continuous along a segment A on which the point a is situated ; if in this case’ 


>t (x—>a), 


(x —> a). 
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S's (x) and f', (x) exist for all points x a along the sgement A, f's(x)40 
(x =4 a) and f', (x) / f'2(x) > Ll for x—>a, then fy (x) {fo (x) —>l for xa. 


The significance of this rule is due to the fact that in many cases 
the limit of the ratio of derivatives can be found much more easily 
‘than the limit of the ratio of the functions themselves; it may happen 
in some cases that one or other derivative is no longer infinitely small 
for x —> a; in that case we are no longer dealing a ratio of infinitely 
small quantities and the limit can be found quite easily. 


Example I. When 6+ 0,1+— 0, 


. sin ax . acosax a 
lim -; ~ = lim _———" = —. 
sin bx b cos bx b 
1 
= 
. tanx—x .  COs*x 
Example 2. When «x — 0, lim ———— = lin ———— = 
; x—sinx l—cos x 
: 1 ~cos* x . |+cosx 
-= lim Ae teenage lim?” 2-3 > == "2. 
cos” x (1 — cos xv) cos* v 


Many other useful exercises can be found in the problem book 
‘by B.P. Demidovich, Section IT, § 10. 


If both derivatives f’, (x) and fs (x) are infinitely small for 
x -> a and are in their turn differentiable in the neighbourhood of a 
point a (where /” » (x) does not vanish for x + a), there is no reason 
‘why lHospital’s rule should not be applied again: if we have 
Sf’: (x) / fs (x) > 1, for x > a, then according to this rule we also 
have f’,(x)/f's (x) ~ land thereforealso f, (x) / fe (x) / forx—a. 
In general, ifthe functions f;(x) and /», (x) have derivatives of order 
nin some neighbourhood of the point a, where ff, (x) 40 for «4a 
and f;(a)=f2(@=f'1 (@) =f'2(=..-=fi eae (a) =f2"-?(a)=0, 
then by applying l’Hospital’s rule for the second time we can evidently 
-conclude that if the following relation exists 


; Jy (x) 
lim J2 0) a1, 
is a Fa (x) 


then the limit of the ratio f; (a) / fo (x) for « — @ also exists and is 
-equal to /*). 

*) The relation necessary for the application of Il’Hospital’s rule for the second 
‘time, i.e. fo\”) (x) = 0 (1<Ck <n, x 5 a) for k = nis one of the assumptions of the 
‘theorem and can readily be established for lower values of & by the method of 
-induction, applying Rolle’s theorem to the function f.(™) (x) along the line (a, x). 
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Example 3. f, (x) = »—sin x, fs (x) = «° ; we have 
f'1(@) = 1—cosx, f"1 (xX) = sin x, ("1 (x) = cos «x, 
S's (x) = 37, fs (x) = Ox, "2 (x) = 6, 
and therefore 
AM =f/1O=f/410=9 f° (0)= 1, 
FeO) = f'2 (0) = 7%, (0) = 0, f'"» (0) = 6, 


J ) _ ox-siny od 
reer al oe (x — 0) 
and hence also 
Vv y—sin * | 
Pan ae te a O 


L’Hospital’s rule remains valid when «— oo. Thus, forexample,. 
if the functions f/f, (x) and /, (v) are infinitely small for x — + 
and differentiable for sufficiently large x and f’, (x) = 0, then it 
follows form 


4) 
a i vy > + 0 2 
Sie (x) \ ay oa 
that we also have 
Si (x) _ 
gy ee 
In fact, assuming that. == 1/ » we have: 


and for 4 > +0 
21 (9) — 0, Peo (y) > 0. 


Since 
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it follows from (2) that 


and this is equivalent to the relation 


Si (9) were 


a co). 
Se (x) (n i 
Example 4. When x—> 4+ o, 
en al 
; Z . i aia ae : 1+ x 
lim x (4 — arctan x) = lim = lim = 
2 1 mae 
y x 
. x? 
= nace 1 => 1. 


Let us now consider a ratio of two infinitely large quantities. We 
shall see that |’Hospital’s rule also remains valid in this case, although 
the proof is somewhat more complicated. Let us assume that we have 


LAG)|>t+o, |felry|>t+oa (x — a), 


and let, as before, both functions be differentiable in a neighbourhood 
of the point a, where /’, (x) 4 0 for all x 4 0. Let us take two 
points x and «@ in this neighbourhood, both situated on the same side 
of the point a so that, for example, a<x<«. It follows from 
Cauchy’s theorem that 


AWA) fr | 
Sa (x) — fe (%) S's (c) 


where x <¢ <«. But on the other hand 


ieee (x) 
fiir (x) — Si (%) = ty (x) ft (x) , 
fo (x)—folz) fale), _ fala) ® 
Fe (x) 


tr 
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and comparison of these two equations gives: 


ces te (a) 
Si (x) a S's (c) fe (x) (3) 
$6). $40). foe) 
Si (x) 
Let us now assume that the following limit exists : 
a 


x—a a. a 


Let e > 0 beassmall as we please; let us choose « so close to a that 
fora<g<a 


ba 
ARS —= [| < £, 
| f'2 (2) | 
or, which is the same, 
tS’ (z) 
I—-e< we <l oun 
BE Pye 
so that the point c should lie between a and « and 
S'1 (c) 
l—e <i”, <IJ+e 4 
Je (6) < (4) 


(as x changes, ¢ will also change, but since it always remains confined 
between a and «, the inequalities (4) remain valid). Let us now 
assume that while « remains unchanged, » tends to a; it then follows 
from our assumptions that in this case | f; (x) |—->-+ 0 and 
| fo (x) | > + 00, and therefore the second factor on the righ-hand 
side of the relation (3) will tend to unity; it can be represented in the 
form / -++ 5, where § > 0 for x > a. Multiplying both sides of the 
inequalities (4) by this factor we obtain as a result of the relation (3): 


(1+8)(l—s) < oe <(1+8)(+¢); 


since the number ¢ is as small as we please and 8 — 0 for « — a, it 
evidently follows that 


filx) 


Fo (x) 


which was to be proved. 


(x > a), 
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Example 5. In x ~ — oo for x > 0. Hence it cannot be 
immediately seen as to how «Inx behaves. In order to study this 
behaviour we note that 


can be represented as a ratio of two infinitely large quantities; the 
- derivatives of the numerator and denominator are respectively equal 
to — 1/x and — 1/x? and their ratio is equal to x and tends to 
zero ; it therefore follows from I Hospital’s rule that 


xInx—>0 ‘x — 0). 


As before, it could readily be proved that lHospital’s rule 
remains valid for the ratio of two infinitely large quantities when x 
- does not tend to a finite limit but increases indefinitely. 


Example 6. For «+ + » 


] 
In x 
lim — = lm ——-- = lin —- 0 
Vv fe / 
2+/ x 
.and generally (x > 0) for x > « 
] 
. Inx ' x ie en 
li a lim ek lim cr ace 0. 


Example 7. Let @ > 1, « > @. The functions x* and a’ 
increase indefinitely for x > + oc. Let n be the greatest integer 
smaller than «, so thatO C<n<a<qQn-+1. It can readily be seen 
that all derivative of the function +*, up to and including the nth 
- order increase indefinitely for x —> 00, whereas the derivative of order 
.n +1 is equal to (a — 1)... (2 — n) x*"? and remains bounded. 
Since then --1— the derivative of thefunction a® is equal to a*(Ina)"t1 
and increases indefinitely for + —» + oo, therefore the application 
- of ’Hospital’s rule n + 1 times shows that 


2% 


~~+0 (t*>+ 0) 
a 


for every 7 > Oanda> lI. 
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§ 38. Taylor’s Formula 


We shall base our argument on the well-known relation estab-- 
lished in § 31: if the function f (x) has -a derivative at the point a, 
then 


S(ath=fla +f" @A + 0 (h) (1) 


for h — O when |‘ is small; this relation enables us to express. 
approximately the value of f(a + A) in terms of a linear function, 
although this function has usually a rather complicated dependence 
on } 


fla th) fla) + fla h, 


where the error of this approximate evaluation is of the form o(h),. 
i.e. this error is negligibly small for small values of k, not only in 
itself but also as compared to ||. We have already learnt that 
this fact has a very great practical value, since it makes possible to 
find very readily a good approximation for the value of / (a + h) 
(c f.§ 31). We shall now learn that this point serves as a basis for 
further development of the theory. 


About the quantity (of) in equation (1) we know only that it 
is an infinitely small quantity of a higher order as compared to 4; we 
have no other accurate information about it. Hence the question 
how far formula (1) is suitable for approximate evaluation of — 
J (a + A) depends entirely on the desired degree of accuracy. If the 
required degree of accuracy is such that a quantity of the type o(/) 
(1.e. an infinitely small quantity of a higher order as compared to h) 
can be neglected, then formula (1) solves our problem; otherwise it 
is not sufficiently accurate. It may happen (and it does frequently 
so) that we are obliged to take into account infinitely small quantities 
of second order with respect to A [z.e. quantities of the same order as 
h®); but we can disregard all quantities above the second order - 
(7.e. quantities of the type o(h?)}. In that case we shall look fora. 
more accurate expression for f (@ + h) and use a formula similar to 
formula (1) 


fat h) = a + ah + ay h? + 0(h%, 


where «» , %1, %2 are constants (independent of h), ze. we shall look 
for the approximate value of f (a + h) in the form of a trinomial of | 
second degree 


Fla th) Mag t ayh+ ah’, 
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in which the error is of the type o(h*), z.e. an infinitely smalli 
quantity above the second order as compared tof. At first we evi- 
dently know nothing about the existence of such a polynomial and: 
we have no way of finding its coefficients «9, «,, «2; therefore all that 
we have said in this connection can merely be regarded as the state-- 
ment of the problem. 


However, beefore attempting to solve this problem we will 
naturally state it in a more general form. The real nature of the 
problem for which we are trying to find an approximate value of the 
function f(a + A) determines the required degree of accuracy. By: 
making an assumption of a fairly general character we can then: 
decree that quantities of the order 2” (where 7 is a constant natural 
number) should still be taken into account, but infinitely small 
quantities of higher orders (2.e. quantities of the type o (h") should be: 
neglected. The question arises whether 1) a polynomial of the nth, 
degree exists 


P,(A) =an tayhtooh® +... baygh”™ 


(with coefficients independent of h) so that 
f(a + h) — Pa (h) = 0 (h”) (2) 


for A — 0 and 2) if it does exist, then how we can find its coefficients. 
If the problem so stated can be satisfactorily solved, then the poly- 
nomial P,(/) will enable us to find the value of f(a + A) with the 
required degree of accuracy : for practical calculations (and also for 
theoretical investigations) we know nothing more convenient andi 
simple than a polynomial. 


It can, of course, be foreseen that the answer to the above: 
questions will depend to a large extent on the nature of the function 
f(x) in the neighbourhood of the point a. Already in the case 
considered earlier for n = 1 we had to introduce the condition of 
differentiability of the function f(x) at the point a. If we want to. 
express approximately the value of f(a + /) in terms of a polynomial 
of the nth degree with an accuracy up to quantities of the type o(/”), 
we shall have to assume that the function f(x) has derivatives. 
of all orders up to the nth order inclusively at the point a [in other 
words, we must assume existence of f'"(a)]. But this will be the 
only assumption we shall have to make. 
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We will now show that if f/( (a) exists, then we have 


f(a +h) = f(a Jt Hf @Qk+ay af” (a) bh? + 


+ AF (a) am tok) (TD) 
‘for h -» 0; in other words, the polynomial 
Pai) = fl +f" (ah ay f" (a) RP. $A f(a (3) 


‘satisfies the relation (2) for A -—> 0 and thus solves our problem. 
Assuming that 


flat h)—P,(h) = 0 (hf), 
‘we must therefore show that 


@_(h) 


ha —> 0 (h — 0). 


But a simple calculation gives us *) 


2 n 
2 (h) =f (ath) —f (a) Af (a)— Sof" (a). 2 f™ (a), 
, hn-l 
eM =S' (a +h) —F'(@) =H (a) = — a ™ (0) 
(MAS (A+ RN $a) 16 (a) — 2 = 5S (a) 


e © 8 8 @ &© © © © @ © © © © 6© © © © © © * © © @ © © © © © © © © 8» © @ 


2 
@ m9) (hy = f-2) (q +h) — fe (a) — Af "-Y (a) — ot (” (a), 


eM) (hy = fO-D (a +h) — f-) (a) — hf ™ (a) 
hence | 


9 (0) = 9’ (0) = 0” (0) =... =o (0) = 0. 
*) It evidently follows from our assumption on existence of f (n) (a) 
that f Weer) (a+) exists for a sufficiently small |4| and therefore also 
fn 
hres) (a+h),...,f’ (a + h). 
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On the other hand, the function 4” vanishes together with its deri- 
vatives up to the order n — 2 inclusively even for 4 — 0; the deri- 
vative of order x — 1 of this function is equal to n!h. Hence the- 
application of  Hospital’s rule gives 


po ke iy onthe o 


provided the limit on the right-hand side of this equation exists. But. 


amd (hy a 2 a) one ae — fin a) | 5) 
h 


ath n} 


and since by definition 


. sua , laa (a -- h) — fen (a) 
OG Ger 


therefore the right-hand side, and hence also the left-hand side of the: 
equation (5), tends to zero for 4 -> 0; it therefore follows from (4) that. 


_ — 0 (h > 0), 


which proves our statement. 


The formula (T) which we have thus established by assuming. 
only the existence of f'™ (a) is usually known as Taylor’s formula.. 
This is one of the most important formulae of mathematical analysis. 
and has a great number of theoretical and practical applications, It 
is sometimes convenient to write it down with the help of other 
symbols: Let us agree to write x1n place ofa + A; m this case h=x—a,. 
and formula (T) becomes 


Sf (x) = fla) + f' (a) (ex — a) + 


fe) i Gie te: 


se sales 2 ae Ce ers (Cem Ca 


In a particular case when a = 0, we obtain the so-called Maclaurin- 
Sormula 


nt (n) 6) 
Fly =f) 4S e+ GP) x24... tO xi $0 (er, 


which approximately represents the function f(x) in the form of a. 
polynomial in powers of x for small absolute values of x. 
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We have thus found that Taylor’s polynomial (3) solves our 
problem of the approximate expression of f(a + A) in the form ofa 
polynomial of the nth degree, z.e. it satisfies the relation (2). We 
will now show that this solution of the problem is unique, 2.e. no 
-other polynomial Q,(%) of a degree not higher than n exists, for which 
we can also have 


F(a + h) — Qe (h) = 0 (A") (6) 
for h > 0. In fact, if such a polynomial Q, (A) exists, then it would 
follow from (2) and that 
n (2) — Qn (h) = 0 (A") 
for h->O ;but P,, (A) — Q,, (A) = 8) + By A+... +8,h" isa polynomial 


of degree higher than 1; let , be the first of the numbers 8, 8),..., 
‘8,, other than zero; then we have: 

Pulh)—Qn (A)=Beh*® + Bag, he + 2... + Bah"=ol(h")=o(h*), 
since k <n; but this means that for h > 0 | 


CA‘ Aktly | | +8, h" 
kite Pris A ms ee +8 . = 3,482.54 eer +6,,h"-* +» 0 


for kh + 0, which is impossible for the limit of the left-hand side is 
evidently equal to 8; # 0 fork—>0. This proves uniqueness of the 
‘solution of our problem. 


§ 39. The last term in Taylor’s formula 


Taylor’s formula gives us an expression o(h”) for the difference 
between the function f(a + /) and the polynomial P,(A) (i.e. for the 
error in the approximate expression of f(a -+ A) in terms of a poly- 
nomial); we know that this describes the character of change of the 
difference f(a + h) — P,,(h) for h > 0, but it tells us nothing about 
the value of this difference, z.c. for example, how small this difference 
is for a given value of h. It is obvious that in definite calculations 
when we replace the expression f(a + h) by a polyno-nial P, (kh), we 
need to know the magnitude of error caused by this substitution for 
the given values.of a and 4 with which we are, in fact, dealing. We. 
must therefore try to find a method for the assessment of this error 
and not be satisfied by the mere indication of the character of this 

change given by Taylor’s formula. In other words: Taylor’s 
formula gives us only the characteristics of the limiting behaviour of 
€rror in question but we want to know how to assess this error for the ° 
given definite values of a and h. 
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With this view let us write formula (T) in the form 
f i un" 
fla +h) = fla) + hfe) + Byr@t... 


yr 


a... f (nT) 
Leb py SO @) + Ral), 
where we have assumed that 
} n 
R, (A) = —-f(") (a) + 0(h”). 


The term #, (A) is called the Jast term in Taylor’s formula. 


Let a denote an arbitrary (not necessarily integral) positive 
number. For the sake of brevity we denote a + h by 6 and consider 
the function 


o(x) = f(x) + (6 — x) f’ (x) + M mtg PAS) CP oe 
(b _ 1 a Ae me Rah) \a 
oF Getic pew ee Ae! 


We have so far assumed the existence of the function /™ (x) only 
for x = a; we shall now have to strengthen somewhat this assumption 
and assume that /‘” (x) exists for all interior points of the interval 
(a, 6). ‘Thisevidently means that in these circumstances the function 
o(x) will be differentiable at every interior point. On differentiating 
we find that (a << + < 4): 


p (x) =f! (x) + (8 — a) fC) — SG) + 


— nN ° "r ” b — * ore 
a ” a J. (xx) = (b Sn) (x) 5 aoe | (n = AYE a 
_ 4-\n-2 R, (i 
non a pe (x) =e b wed (b — Ao a 
— x n—-1 R,, h 
— art (x) — (b . Fr q(b = nO ah 


Further, we evidently have 9 (4) = f(4), and it can readily be 
seen from (1) that 9 (a) = f(a + h) = f(b) also. We can therefore 
apply Rolle’s theorem to the function 9 (x) [in the interval (a, ) ], 
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o’(c)=0 ata point ¢ situated between a and 6 =a+h. We can 

evidently assume that c = a + 6h, where O < § < 1; then we have 
b—c=ath—c=(l— 6), 


and we find that 


Pie in GO sa _ Rk nh) 2 gaa 
Y (c) 1 (n os 1)! f' (c) (b — a)? q(b ) 
ae n—-1 os -1 
= ao Anr-l ae (a + 6h) —_ gRy(h) eee — 0, 
hence 


This expression for the last term in Taylor’s formula is very versatile 
owing to the presence of the parameter g which we can be given any 
arbitrary positive value. Evidently the problem as to which of these 
values gives R,,(h) the most convenient form depends on the form of 
the function f(x). However, in majority of cases itis most convenient 
to assume that g = nso that R,(Ah) becomes 


Ry(h)=—, f™ (a + Oh). (3) 


— 


Formula (1) then becomes 
2 
S(a +h) = fla) +h f'(a) + x (a) +... 


fr-l hm 
Hey — yy SN @ + GS @ + 84) (AY 


and represents a typical mean value theorem ; for n = 1 it becomes. 
Lagrange’s theorem 


f(a + h) = fla) + hf’ (a + 6h), 


and it does, in fact, represent a generalisation of that theorem. The: 
form (3) for the last term in Taylor’s formula was also introduced by- 
Lagrange and is usually known by his name. 


Among other forms of the last term in use let us note one more: 


form which can be obtained from the ei formula when q = 1: 


And a, grt 
(xn — 1)t 


Rely = Spin) (a + 6h) 


(this is known as Cauchy's form). 
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Having obtained one or other expression for the last term in 
“Laylor’s formula we are now able to assess precisely the degree of 
accuracy given by this formula. In order to illustrate how this is 
done we shall now apply Taylor’s forinula to some simple elementary 
functions. 


Example 1. f(x) = e7, a = 0; it is convenient to write x in- 


stead of kh; formula (4) gives us f (0) = 1,4 = 1, 2, ... , since 
f® (x) = 
= ] Te + pee one (O< 6 < 1). 
gl ' (n— IJ)! On! 


When 0 < x < 1, say, then the last term of this formula does not 
exceed 


and, as n inereases, it decreases rapidly even for small values of x; in 
particular, when « = |, we obtain the formula 


su fl! 
(n — 1)! Tn 


] 
eS Dts aa wee ot 


which enables us to evaluate approximately the value of the number e 
with a high degree of accuracy, since the last term does not exceed 
e}/n! and, as we have said above, it decreases rapidly as n increases. 


Example 2. / (x) = sin x, a = 0; it can be readily seen that 
the numbers f (0), f’ (0), f” (0), ... form a periodical sequence 
0, 1,0, —1,0,1,0, — 1, ... Hence, formula (4) gives fora = 0, = x 
and oddn=2k+1, 


x? 


x? - 
sind=AX— BP Tay rctir i Gees 9 (3 sat 1) Si 


COS @x, 


since f 24+”) (x)=(—1)* cos x. A similar calculation for f (x)=cos x 


gives: 


Re ae y2k-2 
Gas mis Wey Egy AY og oy 
uk 
+(— 1) Or Via Ox. 
In both expansions | cos 6x | < 1 and the last term whose absolute 


walue dees not exceed | x| 2b | (2k + 1) !or| x | 2% / (2k)! decreases: 
wery rapidly as k increases, particularly for small values of lets 
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Example 3. f(x) = In x, a = 1; in this case 

f(x) =a fy (x) = 98 () = (D1 — 1) x 

and therefore 

fH=$G/Ff O=L/" MH) = — 1.5" WM = Cb" aD 

so that formula (4) gives fora = 1 andkh =x: 


2 x3 n—l 
In (1 + x) =a — S+ ian Go ye + 


$(—I a tea 


When 0 < x <1, the absolute value of the last term is smaller than 
1 / n and therefore tends to zero when 7 increases, although not as 
rapidly as in the previous examples. But when — 1 < x < 0, the 
factor (1 + @ x) —” is infinitely large and we cannot judge the order 
of its growth, for @ is unknown. In this case Cauchy’s form for the 
last term is more convenient 


: av (1 — a)" (n) __y\n-1 x” 1—@ 
Bsa) = (x — 1)! —s ae ee) —at) Ware Cee ‘ 
when — 1! < x < 0, we have 0 < (1 — 6)/(1+ 6 x) <1; the absolute 
value of the last term is smaller than | x |"/(1 — | x« |) and tends to. 
zero for n —> ©. 


In accordance with the problem stated at the beginning of this 
paragraph we were trying to assess the quantity R, (A) for the given 
values of a,.h and n, i.e. we were trying to assess the magnitude of 
the error caused by replacing f(a-++A) by a polynomial of the nth 
degree. In practice, we often have to solve problems which are in a 
sense, opposed to the above problems ; thus the permissible limit of 
error A is often given at the start ; the problem usually involves two. 
questions : either — within what limits of variation of h can we gua- 
rantee, for a given n, that | R, (h) | will not exceed A or, conversely,, 
how lagre should the number z be taken for the given limits of varia- 
tion of A so as to achieve this aim. We will show below how such 
problems can be solved on the basis of the most widely used form (3): 
for the last term. 


Let us assume ‘that :'we’ are interested in the values of the 
function f(x) in interval (a —1 <x <a+4+1). If we denote by 
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M'™ the maximum value of the function | f (x) | in that interval, 
then as a result of (3) we have | Ry (h) | CM™ lhl" / na! for |Al< 1; 


hence in order to guarantee the required assessment | Ry (h}|< A 
it is sufficient that : 


Mm] fin 
on! ‘ 
or 
Ant \> 7 
ltl < (sar) “) 


Hence if|/|is smaller than the smallest of the numbers / and 
(An! { M™)1/, then the inequality | R»(h)| <A canbe guaranteed. 
If the limit of the error A and the number / which determines the 
amplitude of variation are given for the given calculation, as it 
frequently happens, then we must take n sufficiently large so that 


Ant) 
, eas Si 


In that case, the inequality (*) will be satisfied for |A| < 1 and hence 
also the required inequality | Rn (h)| << A. 


If, for example, f(x) = sin x or f(x) = cos x, cf. the above 
example 2, then it is very easy and natural to assume in calculations 
that a = 0,1 = 7a / 4, for by knowing the values of sin + and cos x 
in the interval (0, w /4) we can find without further calculations the 
‘values of these functions for every «x. Since | f+) (xg) | = 
[cos Ox | <1 for f(x) = sin x, therefore we can assume that 
Mk+1) = 1, Let the required degree of accuracy be A = 0:0001. 
We should then have : 


Qi 
0.0001 (2+ I! >(4-) , 
which, as can readily be calculated, happens when é > 3. Hence 
the approximate formula 


3 i) 
Xv x 
M ~/ mire ae Ae, 
sin x ~ x 310 5 


gives the value of the function sin x in the interval | x / < 7/4 with 
an error not exceeding 0°000!. The calculation is similar for 


f(x) = cos x. 


CHAPTER N 


APPLICATION OF DIFFERENTIAL CALCULUS 
TO ANALYSIS OF FUNCTIONS 


§ 40. Increasing and decseasing functions 


The true meaning of a derivative which leads us to its general 
definition implies that the absolute value | _y’ | = | f’ (x) | ofthederi- 
vative determines the rate of change of the function y = f (x) in 
relation to the independent variable x ; hence by knowing the deriva- 
tive of the given function we can, in the majority of cases, directly 
find the rate of change of the function in a given interval. In order 
to appreciate significance of this information let us consider, the follow- 
ing example. Both functions y = x* and z = In x inerease together 
with x.for x > 0. ‘To find the rate of this increase consider their 
derivatives 


, 


1 
t 


we can See that as x increases, y‘ increases continuously while z’ de- 
creases continuously ; this means that as x increases, the function 
y = x? increases at an increasing rate while the rate of increase of 
the function z=In x decreases ; thus although both functions increase 
as x increases, their respective rates of increase show the above diffe- 
rences; we are able to detect these differences by simply looking at 
their derivatives y’ and z’.\ This difference in their behaviour can. 
also be readily detected by looking at the graphs of these functions 
(Fig. 20), but it is one of the advantages of the derivative that it does 
not necessitate construction of a graph for the given function in order 
to ‘find its rate of change. 


On the other hand we have already seen that the sign of the 
derivative determines the direction of the change of the function : a posie 
tive derivative implies increase and a negative derivative decrease of 


164 


APPLICATION OF DIFFERENTIAL CALCULUS 165 


a function (both are related to the increase of the independent varia- 
ble}. We must now state this problem more precisely. 


Let us agree to say that the function _y = f(x) defined in the 
interval (a, 6) is non-decreasing in that interval if we always have 
S (x2) Sf (4) for axyp<xy <4 
(z.e. if in He interval y cannot 
decrease as x increases) ; if, how- 
ever, the exact inequality f (x,)> 
> f(x;) holds fora <x, <x. <b, 
then we shall call the function 
y» =f (x) an inereasing function 
in the interval (a,b). Similarly, 
ifthe signs of the inequalities for 
F(x) and f(x,) are interchanged, 
they are defined as non-increasing and decreasing functions, respectively, 
in that interval. It is obvious that every increasing function is also 
non-decreasing, but the converse is not true ; similarly every decreas- 
ing function is also non-increasing, but the converse is not true. 


The relationship between the sign of the derivative and the 
direction of change of the function is expressed by the following pro= 
positions. 


Theorem 1. Jn order that the function f(x), differentiable at every point 
in the interval (a,b), should be non-decreasing in that interval, it is necessary 
and sufficient that 


(x) >O (a<x« <3). 
Proof. 1) If the function f(x) is non-decreasing in (a, 6) for 
agx<xu+t+h <5), then 


f(x £h) — f(x) >0 
and therefore also 


eels S (x) >0; 


it follows from corollary 2, theorem 2 § LO that we also have 


f' (x) = lim ae — f(x) > 0. 


h->0O 


2) If f’ (x) > O(a <x < 3), then it follows from the theorem 
on finite increments that fora <x, <x, <b 


F(%2) —f (41) =F" (0) (2 — #1) 2 0 
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(here ¢ is a point between x, and x», and hence also between a and 
6). But this means that the function f(x) is non-decreasing in the 
interval (a, 5). Theorem | is thus proved. 


Theorem 1 evidently remains valid when the word “non- 
decreasing”’ is replaced by “non-increasing’’ and instead of writing 
St’ (x) > Owe write f’ (x) <0. To prove this, it is sufficient to apply 
the statement of theorem | to the function — f(x). 


Theorem 2. Jf f’ (x) >O (a <x < J), then the function f(x) 
increases in the interval (a, b). 


Proof. ‘The theorem on finite increments gives us fora < *, 
<¥_o SD 


SI (%2) ~ f (xi) = f' (6) (ee — 41) > 9, 
since x; <¢ < x, and therefore also a < ¢ < b, hence f’ (c) > 0. 


The property f’ (x) > 0 (a <x < 3d) is therefore sufficient in 
order that the function f(x) should increase in the interval (a, 5), but 
it is not.the necessary condition ; the converse of theorem 2 is incorrect ; 
S (%e) > fle) (a <x. < 2 <5) implies (as a result of theorem 1) 
only that f’ (x) > 0 (@ <x <b) but not that f’ (x) > 0 (a@<x <0); 
this is illustrated by the function f(x) = x°, which increases on the 
whole number line (— o < x < + 00) whereas f’ (x) = 3x? = 0 
for x = 0; Fig. 21 clearly illustrates this phenomenon; the curve 

= x* increases continuously from left to right and at the same time 
has a horizontal tangent at x = 0. 


It is self-evident that we always have /’ (x) <Ofora<x<b 
and the function / (x) decreases in the interval (a, 5); the converse 
statement is, in this case, not true. 


Example 1. The function y=x*?—6x?+9x +2 has the derivative 
yp’ = 3x2 = 12x +9 = 3 (x — 1) (x — 3); 


the brackets (x — 1) and-(x — 3) have opposite signs for 1 < x < 3 
and have the same sign for x < 1 and x > 3; therefore 


y > O(«x <lorx > 3)andy’ <O0'(1 <x < 3); 


the fiinction » infcreases for x <1 and x > 3 and decreases for 
1<x< 3. A simple calculation gives us: 


y =6 (x= ]), y=2 (x =3), 
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and, on the other hand, it is evident that 
yor o(*«> — ow), yort wl(x> 4+ ow), 


therefore the sample graph of the function » can be fairly drawn on 
the basis of this short analysis (Fig. 22). 


Example 2. The function y = e* — x — | has the derivative 
ypoe® —], 


so that y’ > Oforx > 0 and »’ <0 for x <0. The function y 
increases for x > 0 and decreases for « < 0; it is equal to zero for 
x = 0 and therefore it must be positive for all other values of x; this 
proves the important inequality 


*>1l+., 


which holds for every real x, but the sign of quality holds only for 
+= 0. 


Fig. 21. Fig. 22. 


For other useful exercises ¢ f. problem book by B.P. Demidovich, 
§ II, Nos. 320-325, 332, 339. 


§ 41. Exterma 


Let »y = f(x) be a function differentiable at every point in the 
interval (a, 5). We know that this function is continuous in that 
interval and (theorem 2 § 23) attains its maximum and mininium 
values in that interval. In view of practical applications it would be 
interesting to know, for what values of the independent variable the 
function takes its maximum (or minimum) values. Thus y =f (x) 
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can measure efficiency of a plant which depends on the choice of x, a 
choice which can be arbitrary within the limits (a, 6). In such cases 
we would evidently choose an x in that interval such that » assumes 
its maximum values (and, of course, we shall also be interested in 
this maximum value). We shall now learn to appreciate significance: 
of methods of differential calculus in such cases. 


The greatest value of the function y = f(x) in the interval 

(a, 6) is called its maximum and the lowest value minimum; when we 
want tosay “‘maximum or minimum”, 

oe we say more briefly “extrema”? or 
4 “extreme values” (i.e. border values). 
5 ' If we speak of extrema of the function 
' 1 in the whole interval (a, b), we speak of 
ya the ‘“‘absolute’? extremes (maximum 

| or minimum) of the function. The 
ae 6 concept of local extreme (as applied to. 
Fig. 23. a given spot) implies as follows: the 

function f(x) has a local maximum at 

the point ¢c (a <c < 6) if its value at the point c is greatest in com- 


parison to its values at all points sufficiently close to ¢, i.e. if a number 
5 exists such that 


f(eth) <f() 


for all A, for which | h| <8. The local minimum is defined similarly. 
As a result of the condition a < ¢ <b the local extremum is only 
defined for interior points in the interval (a, 6). 


Fig. 23 shows the difference between the absolute and local 
extrema: the function » = f(x) represented in this graph has its 
local maximum at the point ¢ which, however, is not its absolute 


maximum, for at a certain distance from the point ¢ the function 
assumes a greater value than /(c). 


It is obvious that if the function assumes its greatest value at an 


interior point ¢ in the interval (a, 6), then the absolute maximum 
will also be its local maximum. 


Hence in order to find the absolute maximum (or minimum) of 
the given function in the given interval we must proceed as follows: 


1) find the local maximum (or minimum) of the function inthe 
given interval ; 
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2) add to the values of the function at points of its local. 
maximum (or minimum) its values at the ends of the given interval. 
and choose from all these values the greatest (smallest) value *). 


The second problem presents no difficulties if} as is usually the- 
case in practical problems, the function has only a finite (and usually 
small) number of extrema. ‘Thus the difficulty is concentrated in the- 
first problem which we can now solve with the halp of methods of” 
differential calculus (provided the function is differentiable). 


Let the function y = f (x) have a local maximum at an interior- 
point x = ¢ in the interval (a, 5) and let it be differentiable at that 
point. On the basis of the lemma in § 36 we can therefore maintain. 
that f’ (c) = 0; we evidently also arrive at the same conclusion 
when / (x) has a local minimum at the point ¢. Thus if the function 
f (x) is differentiable at every point in the interval (a, 5), then all its. 


local extrema, if they exist, will be found among the roots of the- 
equation 


f(x) =0. (1) 
We must thercfore begin the solution of our problem by finding all, 
roots of this equation between a and 4. The roots of the equation (1). 
are usually called stationary points of the function / (x); this term is. 
quite intelligible : the rate of change of the function f(x) at such 
points is equal to zero ; as x passes through sucha point, / (x) changes. 
very slowly and its value is particularly stable. 


We must therefore find all stationary points of the function f (x)- 
in the interval (a, 6) and all the required local extrema will then be- 
found among those points. Let « be one such stationary point ; we- 
must find out whether it gives a local extremum and, if so, the type- 
of this extremum, 7¢. a maximum or a minimum. Let us now- 
assume that the function f (x) has a derivative of the first order and‘ 
several more derivatives of higher orders at the point «; let usassume- 
that in general 


f(a) =f" (4) = = fi (a) = 0, 
but f™ (a) AO (iff («) A 0, then n = 2). In this case we evi-- 
dently obtain from Taylor’s formula (T) § 38 : 


a (n) (a) 
re 


Se +h) — f(%) = AP + 0 (h"), 


*) Ifthe function has no derivatives at certain points in given interval, then. 
all such points must we added to the ends of the interval. The reader should. 
consider the examptev =|x|( —-1<*«< 1). 
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and in order to solve our problem we must analyse the sign of the 
difference f (« + h) — f («) for sufficiently small values of ||. Since 
the second term on the right-hand side ofthe last equation is infinitely 
small as compared to the first term for 4 > 0, the sign of the whole 
right-hand (and also left-hand) side of this equation will, for suffi- 


ciently small values of || coincide with the sign of its first term which 
we must therefore analyse. 


If n is an even number, then 4” > 0 and the sign of the expres- 
sions kh” f'™ (a) / ! coincides with the sign of f ™ («) (this also 
means that it is independent of 4) ; if f ' (x) > 0, then we have for a 
sufficiently small | h | ; 


J (% + h) — f(x) > 0, 


ie. the function f(x) has its minimum at the point « ; on the other 


hand if f™ (x) < 0, then for all sufficiently small values of |A| we 
have : 


St (% + h) — f(«) > 0, 


t.€. the function f (x) has its maximum at the point «. 


If n isodd, then h”, and therefore also the expression h” f(a) /n! 
changes its sign when the sign of 4 changes and therefore, provided 
|4| is sufficiently small, the difference f(« + h) — f(a) will have 
one sign for positive h and the opposite sign for negative h; this evi- 
dently means that the function f(x) can neither have a maximum 
nor a minimum at the point « (an example of this kind is given by 
Sf (x) = x? for «x =0: f' (0) =f” (0) = 0, f" (0) + 0 (cf. Fig. 21§ 40, 
where the point « = 0 gives a typical example of a stationary point 
without a local extremum). 


We thus obtain (on the assumption that the function /f (x) can 
be differentiated a sufficient number of times) a fully defined method 
for the analysis of the character of every stationary point «: Let 
among a sequence of derivatives f' («) ,f"' (a), ... the derivative f'™ (a) be 
the first which is not equal to zero; then 1) ifn is odd, function f (x) has 
neither a maximum nor a minimum at the point « ; 2) if nis even, a local 


extremum exists at the point « which will be the local minimum for f™ («)>0 
and the local meximum for f™ (a) < 0. 


In particular, we have a local minimum for {’ («)=0, Sf’ (4) <0 


and a local maximum for f'(«) = 0, f” («) < 0 we must analyse the 
derivatives of higher orders for f’ («) == f” («) = 0. 
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The above method for the analysis of stationary points may be 
inapplicable only when the function f (x) has no derivatives of suffi- 
ciently high orders at the point « or when its derivatives of all orders 
are equal to zero. It is interesting to note that the latter case may, 
in fact, take place (and we do, of course, exclude the trivial case when 

_f (x) is simply a constant in a certain neighbourhood of «). The 
function 


xe 
’ 0), 
y=fte) =} pee 


has a stationary point for « = 0, where 


gy Sp Sa Say ee a == 0, 
whereas the behaviour of this function is very simple in the neigh- 
bourhood of the point x = 0 (cf. Fig. 24) and it differs very little 
‘from the behaviour of functions like y =x ory = x*; a difference 
in the behaviour of these functions can be detected only at a certain 
distance from x = 0. 


The established method of analysis of stationary points is 
‘significant from a theoretical point of view which for its finality is, 
in practice, often replaced by simpler methods which are also more 
convenient insofar as they do not necessitate existence of derivatives 
of higher orders. Ifa is the stationary point of the function / (x), 
2.e. if f’(«%) = 0, then in order to determine the character of this 
point it is sufficient in many cases to determine only the sign of the 
derivative f’ (x) in the immediate neighbourhood of the point « ; thus 
we always have f’(x) <0 for x < « (provided | x — «@ | is sufficiently 
small) and we have f’(*) < 0 forx < « (and | x — « | sufficiently 
small) ; hence the function / (x) decreases an the left of « and increases 
on the right of « : therefore at the point « it has its local minimum ; 


YA 


0 
Fig. 24. 


when the signs of f’(x) are reversed, we obtain the local maximum ; 
when f’ (x) maintains the same sign for all values of x sufficiently 
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close to «, then, as x passes through «, the function f(x) either conti-- 
nues to increase or decrease “but in neither case it can have a local: 
extremum at the point a. 


In spite of the simplicity of this method it must not be over- 
rated. The determination of the sign of f’(x) for all values of x: 
sufficiently close to % is in many cases not easier but more difficult 
than the evaluation of several derivatives at the point «. Moreover, 
this method can only give results if, for example, f’(x) has on the: 
right of « one and the same sign for all values of x sufficiently close - 
to a; this may, of course, not be so; it may happen, for example, 
that as v > « + 0, the derivative /’ () changes its sign an infinite: 
number of times; if this is the case, the method described above is 
inapplicable in principle. 


Example 1. Find the absolute maximum and the absolute 
minimum of the function 


Fe) = «3 — 6x? + Ox +2 


in the interval (0, 4). While investigating this function in §40 we: 
have found that it has two stationary points: s = 1 and x = 3; the 
first of these gives the local maximum and the second the local. 
minimum. On adding to them the ends of the given line, we find 
that the following points can only be absolute extrema for / (x) : 
0,1,3 and 4. We have 


f(0) = 2, f(l) = 6, f(3) = 2, f(4) = 6; 


hence the function f(x) has two absolute maxima (for x = | and- 
x = 4) and two absolute minima (for x = 0 and x = 3) in the- 
interval /0, 4). 


Example 2. Find all local extrema of the function 


alana Se 
f(x) = sinh x — x= aa aaa 
et e~@ 
f’ (x) = coshx — 1 = a — 1, 
and we can immediately see that x = 0 is a stationary point. 


[f’ (0) = 0]; further 


f° (x) =sinhx, f” (0) = 9, 
t'’ (x) =coshx, f'’(0) = 1; 
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‘hence the first non-vanishing derivative is of an odd (third) order 
and therefore the function f (x) has no local extremum at the station- 
ary point x = 0. It remains to be shown that no other stationary 
points exist. We can directly see from the expression obtained for 


ff” (x) that 


nrg. <o(« < 9), 
oe > O(x > 0), 

and therefore /’ (x) decreases for x < 0 and increases for x > 0; 
since f’ (x) = 0, therefore f’ (x) > O for all x 4 0, 2.e. apart from 
the point x = 0 the function f (x) has no other stationary points (the 
graph of this function is similar to the graph of the function » = x°, 
cf. Fig. 21 $40). Hence the function f (x; has no local extrema. 


Fig. 25. Fig. 26. 


Example 3. From a rectangular section ofa tin sheet 2a wide, 
strips of width x are bent on each side (Fig. 25) so as to make (an 
open from the top) trough whose cross-section is shown in Fig. 26. 
How wide should be the bent sides x so that the trough obtained 
‘should have maximum capacity ? 


It is evident that the length of the trough is not involved in the 
‘solution of this problem ; the capacity of the trough is proportional 
to its cross-sectional area which is equal to 2x (a — x). We must 
therefore find the absolute maximum of the function 


Fe) = Zak = 2%" 


in the interval (0, a). We have: 
St’ (x) = 2a — 4x, 
and the only stationary point is x = a/2; since f" (x) = —4<0 


(for every x and, in particular, for x = a/2), f(x) has a local 


maximum for x = a/2: 


g)-$e 
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This will also be the absolute maximum, since f (0) = f(a) = O.. 
Hence it is most convenient to bend the edges so that their width 
should comprise of one quarter of the width of the given strip. 


Further exercises can be found in any problem book on mathe- 
matical analysis. We can recommend exercises in B.P. Demidovich’s- 
Problem Book Section II, Nos. 436-444, 448, 452-466, 468-472, 539.,. 
541, 542, 546, 552, 558. 


CHAPTER XI 
INVERSE OF DIFFERENTIATION 


§ 42. Concept of primitives 


If the law of motion of a body is given by an equation of 
the type 


s= f(t), 
where ¢ is time ands is distance travelled by the body, then by 


differentiting the function f(t) we can find the instantaneons. 
velocity 


/ 
v= f(t) 
of this motion at the given instant. However, the converse problem. 
is more frequently met in mechanics: we are given velocity v = v (t) at 


a moment of time ¢ and weare required to find the law of motion of the: 
body, 7.e. the relationship between the distance travelled and time 
taken by the body. How can we solve this problem ? We know that: 
the instantaneOns velocity v= v (t) is a derivative of the function 
s =f (t) which expresses the, required law of motion of the body. 
Thus the derivative f’ (¢) = v(t) of an unknown function f(t) is given 
and we must find this function. ‘This problem is evidently inverse of 
the fundamental problem of differential calculus: there we had to. 
find the derivative of a given function whereas here we must find the 
initial function from its given derivative. 
We are given, for example, that at the instant / the velocity of. 
a moving body is equal to 
v= al, 
where a is a constant. How can we find the law of motion ? To solve: 
this problem we must fiind a function whose derivative coincides with. 
at. We know one such function 
7 al* 
ae 
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Can we therefore say that the required law of motion will be 


2 
pa 
2 


de 


‘This would evidently be premature, for apart from the function aé?/2 
-other functions may exist whose derivatives are also equal to at; and 
if this is so and we have no other information, wecannot say which of 
these functions will give the required law of motion, It can readily be 
-seen that other functions of this type exist : the function 


at? 


Sa es : (1) 


«where 0 is an arbitrary constant, gives a derivative at; we thus obtain 
.a whole family of functions each of which can express equally the 
required law of motion. At the same time we do not even know 
‘whether the family (1) contains all functions which have the given 
-derivative at, for other functions 1..ay exist outside the family (1). 


The above problem can readily be generalised. As we know, 
the derivative f’ (x) of the given function f(x) always expresses the 
rate of change of this function (in relation to the independent vari- 
-able x). In many problems we are required to find a function whose 
rate of change (in relation to x) is given for every x. From mathe- 
‘matical point of view this type of problem always involves finding 
the unknow function from its given derivative, i.e. it is inverse of the 
‘fundamental problem of differential calculus. Let us now state this 
problem in its most general form; to do so, we shall introduce the 
mecessary terminology and examine possibilities of finding a solution. 


Thus we are given a function /(*) in a segment (or on the 
‘whole number line); it is necessary to find the whole set of such 
functions F(x) for which we have at every pointon the given segment: 


F'(x) = f (x). 


We shall call such a function a primitive of the function f(x) so that 
tthe concept of a derivative and a primitive are reciprocal *). 


We cannot evidently forecast whether the given function f(x) 
has primitives and, if it has, then how many, and how they are inter- 
‘dependent. However, wecan establish certain facts in this connection 


*) A primitive is also known as an indefinite integral of the given function; we 
are, however, not going to use that term. 
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from elementary considerations: to begin with, if F (x) is one of the 
primitives of the given function f(x), then every function of the family 


F(x) + C, (2) 


where C is an arbitrary constant, will evidently also be a primitive 
of the function f (x). Let us now show that no primitive of the 
function f(x) exists outside the family (2). In fact, let (x) be an 
arbitrary primitive of the function f (*); we can find the difference 
(x) — F (x); since the derivative of this difference is evidently equal 
to zero for every x, it follows from the last theorem in § 36 that 
a(x) — F (x) is a constant which we can denote by a. Hence 


? (x) = F (x) + a, 
Z.e, every primitive 2 (x) of the function / (x) belongs to the family (2). 
We thus deduce the following important result : 


Theorem. If the function f (x) has a primitive F(x), then it has an 
infinite number of primitives, all of which belong to the family (2). 


The importance of this result is self-evident: it shows that in 
order to find all primitives of the function f (x) it is sufficient to find 
any one of them ; if we succeed in finding one such primitive, then 
every other primitive is obtained from it by adding a constant. 
Hence the problem we tried to solve is simplified : we must find out 
whether the function f (x) has at least one primitive and if so, we 
must find this primitive. 


Finding primitive of the given function is known as integration 
of this function. We can say that integration involves transition 
from the derivative of a function to the function itself. Ifwe regard 
this transition as an operation, we can say that integration is inverse 
of differentiation : if the given function is first differentiated and 
then integrated, then, by choosing a suitable constant C’, we obtain 
the initial function by means of formula (2). 


Let us now recall that we have agreed to understand by the 
term differentiation the finding of both the derivatives of the given 
function and its differential. The inverse operation, v2z. integration, 
can therefore involve finding the function from its derivative as well as 
from its differential. The differential dF (x) of the required function 
is equal to F’’ (x) dx; therefore finding the derivative or the differen- 
tial is one and the same thing. 
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We obtain a'primitive as a result of integration. Hence every 
differentiable function F (x) is primitive of its derivative 7°’ (v) or of 
its differential dF (x) = F’’ (x) dv. 


Integration is denoted by the symbol {. Finding a primitive 
(integration) is an operation inverse of finding the differential 
(differentiation) which we denote by the symbol d. Hence the 
symbols d and f express two inverse operations. If we subject the 
given function F (x) to the operation d and then perform the opera- 
tion f, then, by choosing a suitable constant term, we return to the 
initial function / (x) :, 


fdF(x) = F(x), 

orpsince dF (x) = F(x) de 
RiGee he. 

If F (x) =f (x), then 
F (x) = £0) ar; 


hence it can be seen from this formula that the function F (x) is. 
primitive of the function f (x). By the way it is accepted to under- 
stand by the expression 


ff (x) ds 


not a particular primitive but the whole family of primitives of the 
function f (x); if # (*) is one such primitive, then it is written as 


Sf) dx = F(x) + C, (3) 
where C denotes an arbitrary constant, 7.e. the so-called constant of 


“integration”. ‘It is evident that'in view of its definition the equa- 
‘ tion (3) is equivalent to the equation 


F'(x) = f (x). 


The function /(«) on the left-hand side of the equation (3) is 
_ known as the “integrand” and the product / (x) dx as the “integrand 
expression”. ° 


Example 1. Since d (x*) = 3x* dx, so 


J 3x2 dx = x? + C. 


INVERSE OF DIFFERENTIATION 79 


: dx 
Example 2. Since d tan x = ——;—, so 
cos” x 
dx 
—-,— = tan* C 
CO” x +, 


and so on. 


It can be readily seen from these examples that a formula of 
the derivative (or differential) of an arbitrary function also gives us 
an integration formula only by reading it, as it were, from right to 
left. Keeping this in mind while looking at the table of derivatives 
of simple functions given at the end of § 29 wecan draw the following 
conclusions : 


]1, § 0. dx = C (the primitive of zero is equal to an arbitrary 
constant). 


2. fl.dx =x 4+ C, and in general 
7 fadx=ax-+ GC, 
where a is a constant. 
3. Forevery« #4 — landx>O 
Po ae . 
| x* dx = area | ++ 45 
and at the same time (if x > 0) 
[xtda= [FS amete 
The following remark must be added to this statement. Owing 


to the fact that the function In’( — x) has the derivate 1/x for x < 0, 
we have 


ie =In(-—a)+C 
for x < 0; hence we have the general formula 
[¢ =Injx|+C 
x 


for x > Oand «x < 0. 
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4. [era =e +, 
and for every positive a 4 1 


a* 
[ ar as = — + C. 
Ina 


5. For ‘the polynomial P (x) = ax” + aya! + ... + an we 
have 
—— Gy xr? } ax 1b qs 
[ Pwar= 25+ - +...ta"x + C, 


so that the primitive of a polynomial is always a polynomial one 
degree higher than the given polynomial. 


6. | sin x dx = — cosx + C, 


| cos xdx = sinx + C, 


, dx 
a tanv + C, 
cos* x 
ax 
| a SS COL a eC, 
sin? 
dx ; 
7, ——.. = arcsin x + C = — arccos x + C, 
V1l—x 
it t + C Cc 
———~, = arctan x = — i : : 
i+ x — arcecot x + 
8. | sinh xdx = cosh x + C, 


| cosh xdx = sinh x + C. 


All these formulae can be‘ verified by the same method: it is 
sufficient to show that the derivative of the right-hand side is equal 
to the integrand on the left-hand side ; this follows in all cases from 
the corresponding formulae in the table of derivatives at the end of 


§ 29. ts 
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We have thus learnt to find primitives of a series of simple 
functions. However, our knowledge in this direction is still very 
limited: we have only learnt to integrate functions which happen to 
be on the right-hand sides of differentiation formulae collected in that 
table. But these functions do not even include all simple elementary 
functions ; they do not include functions like In x, arctan x and many 
other functions; and we have so far not met a function whose 
derivative is equal to In x or arctan x; therefore we are not only 
unable to find the primitives 


| Inx dx or | arctan x dx 


but also do not know whether they exist. 


Integration is much more complicated and difficult than 
differentiation. ‘This is first of all due to its nature. Finding a 
derivative of a given function is facilitated by the fact that’ the 
definition of differentiation itself has a “constructive” character; a 
derivative is simply defined as 


in ee, 
h-0 


t.e. as a series of defiite operations which must be performed over the 
given functions; for example, having been asked to find the deriva- 
tive of the function sin x we know in all details how to proceed in 
order to obtain a result; while trying to find a primitive, we are 
confronted with a totally different problem; we have no constructive 
element and we are given no method which would tell us how to find 
the primitive, or even how to begin. For example, when we are 
asked to find 
| In x dx 


and we do not find In x among the right-hand sides of the formulae 
in our table, we are unable to tackle the given problem and find its 
solution. 


This position is further complicated by the fact that we do not 
even have a sequence of laws for integration which, in the case o. 
differentiation, enable us to use the laws of dfferentiation of several 
functions in order to find derivatives of their various combinations, 
e.g. their sums, products, composite functions, etc. ‘There are very 
few such rules available in the theory of integration and their 
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application is rather restricted. Nevertheless, the significance of these 
general methods of integration is very great, for they do eventually 
enable us to integratea fairly large number of most general functions. 
In the following paragraph we shall consider several simple methods. 
It must also be stressed that in contrast to the general methods of 
differentiation which are used almost mechanically, the application 
of.general methods of integration requires great skill—in every case 
one must learn to select the most suitable method and use it in the 
most convenient form. This skill can only be acquired after long 
practice. 


The reader will find a large number of examples in Section ITI 
of the Problem Book by B.P. Demidovich. 


The science which deals with integration of functions and 
properties of primitives is known as integral calculus and, together with 
differential calculus, comprises one of the most important branches of 
mathematical analysis. 


§ 43. Simple general methods of integration 


If y = uy + ty +... + uy is an algebraic sum of n functions of x 
and if J uy dx exists for allk (1 <k <n), then § y» dx also extsts and 


[> dx = | ty dx + ic dx +... +| Un ax. (1) 


. This rule is often formulated in short as follows : “‘primitive of 
an algebraic sum is equal to the algebraic sum of primitives”. To 
prove this it issufficient to show that derivative of the right-hand side 
of the equation (1) exists and is equal to y; but this follows from the 
law of differentiation of an algebraic sum (law 3° § 29). 


2. If u is a function of x and a is a constant and if § udx exists, 
then { au dx also exists and 


| audx = a| u dx. (2) 


In short: “a constant factor can be taken outside the sign of integra- 
tion”. ‘To prove this it is sufficient to differentiate the right-hand 
side and use the theorem which states that a constant factor can be 
taken outside the symbol of differentiation. 


In the two cases considered so far we find that the correspon- 
ding laws of differentiation can be fully used in aninverseform. But 
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‘as we shall now see, there are only these two cases; all other Jaws are 
‘only partially convertible and result in integration laws which can 
sometimes be very useful but not applicable in all cases. 


We must finally note that we have omitted constants of integra- 
tion on the right-hand sides in the relation (1).and (2); it is not 
necessary, for in both cases the symbol of the primitive stands on the 
right-hand side (or several such symbols) ; according to our agree- 
ment this symbol embraces the whole family of primitives and thus 
contains, as it were, an invisible arbitrary constant. This note also 
apphes to a series of subsequent formulae. 


3. Integration by parts. Let us now see what we obtain asa 
result of inversing the formula 


(uv)' == uv’ + vu’, 


which expresses the law of differentiation of a product of two func- 
tions. Integrating the above equation we have : 


fo) ‘dx = w = | (uv' + vu’) dx; 
applying the rule (1) to the right-hand side we obtain : 


Ue) = | uv’ dx + | vu’ dx. 


This formula centains two primitives ; therefore by using this formula 
we are unable to find both primitives and we can only express either 
of them in terms of the other, for example 


| uv’ dx = uv — | vu’ dx (3) 


‘What does this formula give us? If the functions « andv are known, 
we can express the primitive f wv’ dx in terms of the known function 
uv and another primitive f vu" dx, which has the same structure as 
the initial primitive. However, in relation to the form of the func- 
tions u and z one of these primitives may appear simpler than the 
other ; if, for example, the second primitive (on the right-hand side) 
is simpler than the first, then formula (3) is undoubtedly useful, for 
we can replace the given primitive by another primitive of simpler 
form. It may sometimes happen that the primitive on the right-hand 
side belongs to the elementary table in § 29 or may be known on the 
basis of some preliminary considerations: in such cases the formala 
enables us to obtain the primive f wz ‘ dx in final form. 
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The significance of formula (3) and specific characteristics of its 
application can best be shown by definite examples. This formula 
is known as the formula of integration by parts *). 


Example 1. We have already said that f In x dx is not known to 
us, for we do not know a function whose derivative is equal to In x. 
By using the formula for integration by parts we can readily find this 
primitive. In order to use the formula (3) the integrand must be 
represented in the form of a product of two functions, the first of 
which stands in place of « and the second in place of v’. This can be 
done in an infinite number of ways and we must learn to select one 
such method which would represent the primitive f vu’ dx on the 
righthand side of formula (3) in the simplest possible form. But how 
can this be foreseen ? Let us recall that the derivative of In x which 
is equal to | / x is a much simpler function than the function In ~ itself 
and since in the transition from the primitive f uw’ dx to the primitive 
§ vu’ dx the function uw is replaced by its derivative wu’, we can consi- 
derably simplify our problem if we'‘assume that 2 = In x. But it 
follows from wv’ = In x and u = Inwthatv’ = 1, therefore we must 
choose in place of v a function whose derivative is identically equal to 
unity ; it is, of course, simplest to assume that v = x ; hence 


1 

uw=innx, uu’ =—-, 
x 
ee Oe ep 
w'o=iInvx co = 1, 


and formula (3) gives : 
finde = xIns —[ lide sins — x4 Cc. 


We can therefore see that in this case formula (3) enables us to obtain 
the solution in its final form. it is usually advisable to test the 
correctness of this solution and see that the derivative of the function 
obtained is, in fact, equal to In x. 


*) In its general form this formula does not give a final expression for the 
paimitive Jw’ dx but simply gives the answer in terms of another simpler primitive; 
it only partially solves the problem of integrating the product uy’ by simplifying it. 
Hence the term “‘partial integration” has been used in many European countries ; 
the term “‘integration by parts‘* which is established in many other languages as 
well as also in our own, is much less expressive. 
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By using similar considerations and the formula for integration: 
by parts we can also find primitive of a more general form 


| a? In wv dx, 
where « is an arbitrary constant; if« = — Il we can assume that 
1 
“= Ine, i ey 
x al 
, 
= ae t= ) 
a+ l 
/ ; aay 
uv’ = x*inx, we = —, 
wa l 


and formula (3) gives : 


ae l 
[x*inxds ae (ins ey ) + C. 


+1 
When « = — 1, we have: 
; 1 
u = In x, “== -—, 
x 
1 t 
yi = —, vy = In x, 


and formula (3) gives : 


ne = In**— [Rf as 
x x 


in this case the primitive on the right-hand side appears to coincide: 
with the primitive we are trying to find. Nevertheless, the obtained 
relation solves our problem and we get : 


2 \" * de = In? i 
x 
and therefore 


Le = gee: 4+. C, 
x 2 


Example 2. Let us assume that we want to find the primitive 


[xe dx. 


186 A COURSE OF MATHEMATICAL ANALYSIS 


‘One of the two factors of the integrand remains uncharged by diffe- 
rentiation while the other gives 1, i.e. a simpler expression than the 


function itself ; therefore we can assume that u = x and uv’ = e*; we 
thus obtain : 


u .. an 
, 
vo = et, v= e*, 
ay x ‘ _ of 
uw = xe*, vu =e", 


and applying formula (3) we obtain : 
[x dx = xe* — fe dx = xe* — e* + C, 


.and our problem is finally solved. 


Let us now assume that we want to find the primitive J x7 e* és; 
using the same arguments as above we assume : 


=e r_ 4, 
“ue x, i = 2h, 

, - —_ 
v=e*, v= et, 
uv’ == x%e*, ou! = Qxe*, 


and formula (3) gives : 
[ ster ax = x%e% — 2 | xe* dx ; 


‘since the primitive on the right-hand side is the same as the one we 
found above, we also succeeded in finding the primitive f x? e* dx. 
In general, if we want to find the primitive 


Van (x) = | Ke? ak 


‘where n is an arbitrary natural number, we assume that 


xe ere 
“= x", i SS nares 
> ss £ o's Z 
ar ie", 
We See Se aes, 


and formula (3) gives: 
vn w) = xe" — 2 | amlee dy = x%et — nb, (x) 3 


this is a reduction formula which gives a simple expression Y, (x) in 
terms of U,, (x); since we know , (x) and , (x), therefore with the 
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help of this formula we can readily find \. (x), }3 (x) in succession and, 
in general, },, (x) for every n. It can readily be seen that in this 
-case we have for every 1: 


U,(x) = [ ener as a Po (xye” °C, 


where P, (x) is a polynomial of the nth degree. 


For further exercises, cf. Problem Book by B.P. Demidovich, 
‘Section ITI, Nos. 123-136*). 


4. Replacement of the variable. We shall now consider how 
‘the formula for differentiating composite functions can be used in 
integral calulus. Let /(u) be a function which we can integrate and 
_F(u) be one of its primitives so that 


F’ (u) = f(u), [soa = F(u) + C. 


If we take the variable u in place of function of the new variable x, 
wz = ?(x), we have : 


y= Plu) = FIP (x), 


and according to the law for differentiating composite functions 
(assuming that the function ? (x) is differentiable) 


dy = F'[?(x)] ?" (x) dx = fT? (x)] d? (x) ; 


since this is a differential of the function y = F[?(x)], therefore 
- conversely 


[steone' (nas = f pte cn a6) = FIP) + 6 
Thus if 
[Fe du= FW +C 
and if ?(x) is an arbitrary differenentiatiable function, then 


[ stocne (ax = | F0 @nla? @) = FPO + © 


*) We should like to draw attention of the reader to the fact that in the 
Problem Book by B.P. Demidovich a primitive is called an integral. 


— 
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In other words: if u = ?(x) and the function ° (x) is differentiable 
while the function f(u) has a primitive, then 


[ seco? @ar = [ st? Naot) = | raya (4) 


(where after integration it must be assumed on the right-hand side 
that wu = 9(a). As in integration by parts, the relation (4) only 
replaces finding of one primitive by another primitive; but as before, 
this second primitive may be simpler than the first and it may 
occasionally be known; in that event the first primitive can also be 
written down. 


Every function f(«) whose primitive can be found together with 
the relation (4) thus enables us to write an infinite number of ‘new 
primitives which are obtained from the left-hand side of this relation 
by an arbitrary choice of the differentiable function u = ? (x). 
However, because of the freedom of choosing: the function ? (x) the 
method of replacing the variable (this is the name given to the method of 
integration we are now considering) *) requires the development of a 
special inventiveness which here, as in the method of integration by 
parts, can only be acquired as a result of long practice. In every case 
the following question arises: we wish to find the primitive of a 
function (x); in order to do this we must choose a differentiable: 
function ? (x) so that 


v (x) =f[e (x)] 9’Q), 
or, which is the same, 
y (x) dx = f[ 9(4)] de (x), 


where the primitive of the function /(z) 
\s (uw) du = F (uw + C 


is known; if we succeed in doing this, we can simply write in accor 


dance with (4) : 
[ vod =F +e 


and our problem is solved. The whole difficulty of this method’ 
consists in finding the appropriate function © (¥). In thiscase itis also- 


*) This method is also sometimes known as the substitution method. 
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‘best to illustrate our arguments by means of examples wich are given 
‘below, and this might prove helpful. 


Example 3. Lvaluate 


sin v dv 
tanxdx = |-———... 
cos x 


‘Owing to the fact that sin x dv = — d cos x, we have 
d cos x 
[ranxax = — [! ae 
cOs *¥ 
at is therefore natura] to assume that cos * = uw; hence assuming 
that f(u) = 1/u, o(x) = cos x in formula (4) we obtain : 
d cos ¥ du 
[ tanedy = — | ere — = —Inju|/+C= 
COS x ro 
= — In| cosx|4+ C, 


aud our problem is solved. 
Similarly, assuming that u = sin ~ we find : 


d sin x 
sin x 


[ cots dx = = [2 = tn [uj +6 = Inj sin 5] +6 

Both these problems are particular cases of the following very 
general problem. Let ?(x) be a differentiable function and it is 
required to find the primitive of the function ?' (x) /? (x). Assuming 
that ? (x) = uw, we find that ?’ (v) dv = du and therefore 


P(x) oe f= inh. "= In! P(x) | + 
Joy & = [Fa lel 4 cam rel 4e 
Hence 
dx 1 f2xdx_ 1. 2 
lee aig eta es 
e* dx z 
les =In(e*4+ 1)+ 4G, 
and so on. 


Example 4. Evaluate the primitive 


x dx 


lt+vVi+ 2° 
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Since the numerator of the integrand is, with an accuracy upto. 
the constant term, equal to the differential of the sum 1 + x* which 
stands under the radical sign in the denominator, we must try to- 
replace this radical by the new variable 


w= VI + 2°; 
hence 
as a og - 28 : 
and therefore 
xdx = udu; 
we obtain : 
j= wdy pe 
I+ VYl+x Ltn’ (5) 


i.e. we arc replacing the finding of the given primitive by another- 
much simpler primitive which, as we are now going to show, can: 
readily be evaluated as a result of another transformation of the- 
variable. Assuming that | + «w= v we have: 


wsvu--l, du = do, 


and therefore 


u di vu— | dv 
es oe ee 


=l+u—In(l+4)4+C; 
thus equation (5) gives : 
x dx 


L+ V1 + 2 


where C* = 1 + Cis an arbitrary constant. 


= Vip —In(1 + 2°) + Ct, 


We have solved our problem with the help of the transfor- 
mation u = +/] + x2, but we might have equally tried to introduce 
the new variable not in the form of a radical but in the form of the 
expression under the symbol of the radical, viz. 1 + x; in this case: 
we would, have had : 


w= 1+ x7, du =2xdx, xdx = 3 du, 
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and 


| ee. eee lr eo 
L4+ Visas 2STE Va 
This new primitive is also too simple. Assuming that 


1 + Wy, = uwe have: 
“w= (v— 1), du = 2(v — 1)d, 


al du _ [A a: 
2J1l+ 7/70 rh : 


this is exactly the same primitive which we have obtained asa result 
_of our first transformation of the variable. We can therefore see that 
in certain cases different substitutions of the variable give the same- 
result. 


and therefore 


Example 5. When integrating functions one frequently meets. 
the following elementary problem : the primitive of the function f(x) 


[re dx = F(x) + C€ 


is known ; we are required to evaluate the primitive of the function: 
f(ax) where a is a given constant number. Let us assume that a 4 0 
(when a = 0, f(ax) == f(0) is a constant and the problem becomes. 
trivial) and that ax = uso that dx = du/a; in this case 


| fax)ds = [fo “ = - F(u) + C= — F(ax) + C.. 
Therefore if 
[re dx = F(x) + C 
and a = 0, then 


| f (ax) dx = ~ F (ax) + C. 


Thus 
| sin kxdx = — + cos kx + C, 
Pie eae =< arcsin (ax) + C,. 
1 — ax? 


and so on. 
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We are also frequently faced with the converse problem when 
we are unable to integrate the function f(u) and we are using 
formula (4) in the reverse direction, as it were, by replacing the 
difficult expression on the right-hand side of the primitive which 
stands on the left-hand side of the equation; when the choice of the 
function (x) is favourable, our problem may thus be simplified. 
Hence it is difficult to find the primitive 


| V1 — urdu 


‘directly; assuming that u = sinx, — w¥/2 <x» <a/2, we obtain, 
according to formula (4) : 


| Jl — utdu = [ costae 
‘the reader can find the last primitive by himself : 


] 
| cos xdx = 5 (x + sin x cos x) + C; 


there v = arcsin uw, sin x = u, coSx = VW] — y2 and we have: 


| V1 — urdu = > (arcsin w+ uV/p— 2) + C, 


For further exercises, cf. Problem Book by B. P. Demidovich, 
‘Section III, Nos. 28-60, 101-120. 


The methods dealt in this paragraph include all the simpler 
methods for integration of functions; there are a few methods and, 
as a rule, they do not solve all the problems we are likely to 
encounter; these methods cannot be applied mechanically but 
necessitate the choice of special approaches to every problem. 
Nevertheless, they enable us to integrate a fairly large class of 
elementary functions. We shall return to this problem in chapter 16. 
At present we shall introduce an entirely new approach to the funda- 
mental problem of integral calculus—a method which considerably 
widens and strengthens the relationship between this science and the 
real world—it is a mathematical apparatus for accurate study of 
nature and technique. 


CHAPTER XII 
INTEGRAL 


§ 44. Area of a curvilinear trapezium 


We shall now consider a number of problems -encountered in 
different branches of science, which are inter-related by the fact that 
they all require a mathematical apparatus for their solution. At first 
this apparatus appears to have no connection with differentiation and 
integration of functions ; historically it developed over a long period 
quite independently of these two operations. However, as far back 
as the end of the 17th century it became clear that a general method 
for the solution of such problems could be developed in connection 
with definite problems of integral calculus. We shall soon see how 
this can be done. 


In elementary geometry we have learnt to evaluate areas of 
figures bounded by straight lines and circular arcs. Areas of plane 
surfaces bounded by arbitrary curves can only be evaluated geome- 
trically by means of mathematica] analysis. -The theoretical and 
practical significance of this problem is self-evident and does not re- 
quire special explanations. 


The figure bounded by an arbitrary curve (Fig. 27) can be 
divided by some mutually perpendicular lines into several parts, each 
of which represents a “curvilinear trapezium”’, t.e. a figure bounded 
on three sides by straight lines, one pair of which is parallel, and the 
third side is perpendicular to the other two (Fig. 28) ; the fourth side 
is an arc of an arbitrary curve which is intersected only at one point 
by an arbitrary straight line parallel to the lateral of the trapezium. 
We do not exclude the case (Fig. 29) when one of the two parallel 
sides becomes a point and we have a curvilinear triangle instead ofa 
curvilinear trapezium. We can therefore restrict ourselves to the 
evaluation of area of a curvilinear trapezium. 
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Let us choose the system of rectangular co-ordinates such that 
the side of the trapezium opposite to its curvilinear side lies along 
the OX-aris and the trapezium itself above that axis (Fig. 30). Let 
us denote by a and b (a < 3b) the abscissae of the ends of the lower 
side (“‘base’’) of the trapezium, and let the upper curvilinear side be 
the function y = f (x). 


We are required to find the area S of our curvilinear trapezium. 
We must, however, remember that the area ofa figure bounded by 


Figs. 27; Fig. 28. Fig. 29, 


an arbitrary curve has not so far been defined — in elementary geo- 
metry this concept is only defined for figures bounded by straight. 
lines (polygons) and for parts of circles. Hence we are faced with 
exactly the same type of problem as in § 26 when we were trying to 
define the instantaneous velocity of non-uniform motion ; here, as 
before, we have:a two-fold problem : we must define the required 
area and find a method for its evaluation. 
And again, as before, we shall solve these 
problems simultancously. 


Let us recall the fact that while evalua 
ting the area of acircle in elementary geo- 
metry we use a fundamental operation of 
mathematical analysis, z.e. the limiting pro- 
cess; we define the area of acircle as limit 
of area ofa polygon which can be evaluated , 

Fig. 30. by elementary methods. It is therefore 

natural to use this method in the general 

case. For this purpose we divide the base (a, b) of our trapeeium into 
an arbitrary number of parts (sections) whose points of division 
X11 Xq) +++) Xn, lie between a and 4, and letusassume that, in general, 


a = xX, b = Xn So that 


A= Hq Sty << Mg <i <n Xn = OD 
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The sections ( x 4-1, x4) (1 <& <n) into which we have divided the 
segment (a, 6) can be arbitrary in lengthand generally differ from one 
another. The set of these points of division x, (0 < k < n) is called 
‘‘division” of the base (a, b). 


Let us now select an arbitrary section (x,-1, *;,) on the divided 
segment and take on it an arbitrary point xx, which can either lie on 
this segment or coincide with one of its either 
ends (x,-1 <&y% <x); we draw a perpendi- 
cular from the point &, to the OX-axis and 
produce it to intersect the curve y =f (x) at 
the point M whose ordinate is evidently equal 
to f (£,) (Fig. 31). We draw through the point 
M a straight line parallel to the OX-axis to 
intersect the straight lines x =» ,-, and x=1x,; 
the shaded rectangle in Fig. 31 thus has the 
segment x; — X,z-; as its base and height 
equal to f (¢,), and therefore its area is equal 


to f (4 kb) (XE — X 1) 


If we now repeat this construction on every segment (x ;-1, x x) 
(1 <k <n), where the point €; is chosen quite arbitrarily in each 
case on the corresponding segment, then the set of the shaded 
rectangles forms a “‘ladder’-type figure bounded by straight lines 
(Fig. 32). The appearance of this figure evidently depends on 
‘the division of the segment (a, 6) and the chosen positions of the 
points €; on individual sections of this division. It can readily be 
seen, however, that provided this division is sufficiently fine (Fig. 33), 
the shaded figure differs by very little from our curvilinear trapezium 
for all arbitrary positions of the points €,. Let us denote the area of 
shaded figure by S*. It is equal to sum of the areas of its component 


rectangles : 


S* = Vfes) (x — X K-12): 


k=1 


If we now divide the segment (a,b) more and more finely, 
choose the points €, arbitrarily on each section and evaluate area S* 
of the shaded ladder-like figure, then it is to be expected that S* of 
the shaded figure will in this process tend to a definite limit S which 
can be called the area of the given curvilinear trapezium. In this 
definition of the area S we are still influenced, in spite of our visual 
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representation, by the analogy with the definition of the area ofa 
circle in elementary geometry, for in that case the area is also defined 
as limit of areas’ of polygons which approach the given circle more 
and more closely. 


We therefore naturally arrive at the definition 


S = lim oF = lim WS Ex) (xy = Xp). 


k=1 


However, this is not our goal. What does the limiting process 
involve ? How can this process be described mathematically? We 
know (§ 13) that a limiting process is described by the behaviour of 
a certain quantity which we accept as the “‘basic’’ variable. What, 
then, is this quantity and how does it behave in this casc ? 


WW 


GH, 
Wn 


N 


SSS 


Fig. 33. 


We have described the limiting process as an infinite division of 
the segment (a, 5). Let T be one such division; let us denote by 
1 (T) the length of the longest of the segments (x4), xz) (1 < k <n) 
(it is evident that for every division TJ this number / (7) is defined 
uniquely). We can therefore agree that the variable division T 
‘becomes infinitely fine’ as / (ZT) — 0, i.e. when the length of the 
longest of the segments (x ,-, , x) tends to zero, and we can there- 
fore write 


S= limS* = ii : ies Be 
I(T) 2 0 rojo at (xp — ¥ g-1). (1) 


This means that we choose / (T) as the basic variable of this process 
and describe our process by the relation 1(T) > 0. It must, how- 
ever, be remembered that S'*, whose limit we are trying to find, is 
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nota function of / (7): itis obvious that onc value of / (T) corrcs- 
ponds to an infinite number of divisions J apart from the fact that 
even when the division T is selected, we can choose the points &, in 
an infinite number of ways; the quantity $* essentially dcpends on 
all these arbitrary elements and therefore it can take an infinitc 
number of values for a given value of I(T). 


Hence we are here dealing with the concept of limiting proccss 
in its wider sense as considered in detail in § 15. The quantity $* in 
which we are interested participates in a process described by the 
relation / (7) > 0, where S'* is not a function of the basic variable 
2(7T), for it can take an infinite number of values for the given value 
1(T). However, we know that we can nevertheless ascribe a definite 
limit S to the quantity S*. The relation 


has, in this case, the following exact meaning: no matter how small 
¢ > 0, we can find a § > O such that for evzry division T, where 1 (T) < 8, 
and for every choice of the points x we have : 

| S* —S|<e, 


Such a definition is quite natural. For example, if the quantity 
S * tends to different limits for different divisions 7 or for different 
choices of the points 2,, then it would be difficult to say which of 
these limits measures the area of our curvilinear trapezium. It 
follows from our definition that the limit (1) is, in this case, absent 
and we can therefore ascribe no definite area to our curvilinear 


trapezium. 
If the condition stated in our definition is satisfied, we simply 


say that §* -> S when the division becomes infinitely fine. We thus 
arrive at the following definition for the area of our curvilinear 


trapezium : 
mn 
If the sum S* = » S(Exn) (Xe — Way) tends to a definite limit 
k=1 
when the division becomes infinitely fine, then this limit ts satd to be the area 
of the given curvilinear trapezium. 
A more formal but equivalent definition 1s as follows : 


The number S ts said to be the area of the given curvilinear trapezium 
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if there corresponds a 8 > O to every ¢ > O such that for every division T for 
which 1(T) < 8 and for every choice of the points &, we have 


n 
| 


| 2 J (Ga) Cie Seger) a < 6. 


We have thus completely solved the first part of our problem: 
we have defined the area of a curvilinear trapezium. With regard 
to the second part, i.e. finding an apparatus for definite evaluation 
of this area, we can say that this, too, is solved in principle, for the 
determining formula (1) shows a succession of all operations ‘which 
must be performed in order to obtain a result; however, from a 
practical point of view this method is not very suitable; apart from 
the fact that even for one definite divison T and one choice of points 
€, the evaluation of limit of such a complicated expression can only 
be performed in a very few simple cases ; we must also remember that 
it is necessary to prove every time the independence of the evaluated 
limit from the selected system of divisions and the choice of the 
points &,, which, in majority of cases, is very difficult. ‘Therefore 
this method cannot be successfully used for the solution of specific 
problems. It is, however, interesting to note that in the past, when 
more acceptable methods of solution were unknown, these problems 
were solved by this direct method. Thus in ancient Grecce this 
problem was solved when the curve »y = f (x) was a parabola (for 
example f(x) = ax*, where a is a constant). 


§ 45. Work done by a variable force 


Let us assume that a body moves along a straight line OX under 
the influcnce of a force P which acts parallel to this line and that 
the direction of the force coincides with the direction in which the 
‘body moves. If this force is constant, 7.e. its magnitude is the same 
at every point x on the line OA, then the work VW’ done by this force 
P along any section of this straight line is, as we know, product of 
the force P and the length of the selected section s : 


IW = Ps, 


Thus if the body falls from a height h on the ground under the 
influence of its weight P, then the force of gravity (which we can 
regard as constant for the duration of fall) performs the work Ph 


in the process, 
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Let us now assume that the body moves along the samc line 
under the influence of a force which varies on different sections of 
the path. We can, for example, imagine that a source is situated at 
a point on the straight line OX which attracts or repels our body 
with a force P proportional to the distance betwcen them (such are, 
for example, the forces of earth’s gravity, the forces of electric or 
magnetic attraction and repulsion, efc.). In this case the force 
P = P(x) is a function of the abscissa x of the point at which the 
body is situated at the given instant. Let us assume that the body 
is displaced by this variable force from the point a on the line OX to 
the point 4 on the same line. How can we find the work I’ done 
by the force P in this displacement ? 


We note, first of all, that we have not yet defined the concept 
of work due to a variable force. Hence we are again confronted 
with a two-fold problem—we must define this new concept in its 
general form and also find a practical apparatus for the evaluation of 
the work done by the variable force. 


Let us divide the scgment (a, 5) arbitrarily by means of the 
following points of division 


CX = he See SS 


in the same way as we did in the previous paragraph and again 
select an arbitrary poin £; oneach section (x,-,, v4) (1 <* <n). The 
force acting on the body at the point €, is equal to P(g,'. If this 
force remains constant along the whole length of the section (x;-;, xz), 
then the work along this section is equal to 


P(ép) (xh — Xe-1). (1) 


In fact, however, this force varies at different points on the section 
(xp—-1, xz) and therefore the work wy; along this section differs from 
that given by the above product. However, if the section (xj;-,, %¢) 
is very small, we can assume that the force P (x) changes very slightly 
only along its length and therefore its values at different points on 
this section differ very little from its value at the selectcd point &;. 
If this is so, we can naturally assume that the work w; done by the 
force P varies very little along the section (%4-1, Xp) AS Comparcd to 
the work done by a constant force along that section, which is equal 
to P(E,). This latter work can be expressed hy the product (1), and 


we can therefore assume that 


wy Te P (Ex) (xe — *k-1)- (2) 
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This argument can be repeated for all sections into which we have 
divided the segment (a, 0), i.e. for-all&A (lL < k <n). 


Further, we are naturally also assuming that the work IV done 
by the force P along the whole length of the segment (a, 4) is equal 
to sum of the works along all the sections (x¢_1, x,) into which we have 
divided the segment (a, 5), 2.¢. 


7% 


W = >» Wk 


k= 1 


Since we have assumed that w; is approximately equal to the 
product P(&x) (x;—xs-1), we must naturally assume further that 


n 
wey P (Ex) (xp — p-1). | (3) 
k=1 


This approximate expression for the work done will be more 
accurate if the approximated equations (2) are more accurate. And 
these equations will, in their turn, be the more accurate, the smaller 
the sections (x;~-,, x,) are, t.e. the finer our division 7 of the segment 
(a, b) are. Hence we must consider the approximate equation (3) to 
be more accurate, the smaller the divisions J are. It will therefore be 
quite in order to determine the exact value of the work W done by 
our variable force as the limit of the sum 


n 


YP (Ex) (ae — we), 


k=1 
as the division of the segment becomes indefinitely finer. 


The structure of this sum is analogous to the sum which defines 
in § 44 the area of a curvilinear trapezium. And since we have 
again used a limiting process in order to determine, the work W 
done by the variable force P, we can repeat word by word all argu- 
ments relating to limiting process. The formula 


n 


ie ) paie ae 
rin! & (Ex) (te — Xe) (4) 
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denotes here, as before, the following : no matter how small < > 0, a 
5 > 0 can be found such that for every division T of the segment (a, 6), 
provided 1(T) < 8, and for every arbitrary choice of the points 


Ex(xe-y <b Saxe, 1 Kk <n) 


we have: 


n 
We > P (2x) (xe — x1) | < ¢. 
=] 


Only if this condition is satisfied, we can say that the number 
WV gives the work done by the force P along the segment (a, 8) ; 
however, if, for example, for different systems of division or for 
different selections of the points &, we obtain different limits for the 
sum 


n 


Y) P(E) (te — xi-1); 
k=1 


then it would be preferable to assume that the work done by the force 
P along the segment (a, 5) has no definlte value. 


We thus see again that the first partof our problem (definition 
of the general concept of work done by a variable force) is com- 
pletely solved whereas the second part (finding an apparatus for the 
practical evaluation of this work) is only solved in principle: the 
practital unsuitability of formula (4) justifies the repetition of all 
arguments used in § 44 in connection with an analogous formula. 


§ 46, General concept of an integral 


We have considered in §§ 44 and 45 two problems belonging to 
two different brauches of science—one to geometry and the other to 
physics. While disregarding the actual contents of these problems 
and concentrating our attention on their analytical structure we can 
see that they resemble each other very closely. In either case the 
solution of the problem involves evaluation of limit of a sum of 
definite structure. 


In geometry, physics, technical processes, science and in other 
fields of human activity many problems occur such that their analyti- 
cal structure closely resembles the structure of the problems considered 
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above; in future we shall frequently deal with problems of this kind. 
It can, therefore, readily be understood that the limiting process of the 
described type deserves special attention and must be studied in all 
its aspects, for it is one of the most important problems of mathe- 
matical analysis. We shall now study it in detail. 


Let the function f(x) be defined in the interval (a, 0). ) Let us 
subject this interval to a division T by means of the following points 
of division 


A= 25 Ok Se Sy SS, 


and denote the length of the longest section (x y1, *;) (kK = 1, 2,...,n) 
by /(T). Let us then select on every section (*,-), *,) an arbitrary 
point & % (*4-1 < &% <x) and construct the sum 


n 
Ss = Y) FE den = x k-1)3 
k=] 


this sum evidently depends on our division T and on the choice of 
the points & ,. 

Let us now agree to say that the sum S, as the division T becomes 
indefinitely finer (or, which is the same, as I(T) —> 0), tends to the limit | 
if the following condition is satisfied: no matter how smalle > 0,a8 > O 
can be found such thai for every division T and provided UT) < § we have for 
every arbitrary choice of the points © , ) 


so vf Bs 
This fact can be denoted as follows 


n 

lim S$ = lim ie 2 _ 

(T) +0 «noo LIE (42 — Xn) = 1. 
= ae 


The number J, in case it exists, evidently depends only on the 
form of the function f(x) and on the interval] (a, 6). We shall call 
it zntegral of the function f(x) from a to 6 [or in the interval (a, b)] and 
we denote it as follows : . 

b. 


[ reav; (1) 


qa 
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neither the term “‘integral’’ nor the familiar symbol f should, for the 
time being, be subjectively connected with the term “integration”? and 
with the context in which this symbol was used before; we have 
established this connection at the same time. We should regard the 
notation (1) (and this point of view is justified historically) as an 
abbreviated notation of the sum S$; if we simply want to describe the 
structure of this sum without going into details as to the system of 
division or the choice of the point €, and if we only want to fix the 
function fand the interval (a, 6), then we can write (disregarding 
accuracy of our symbolic notation) 


S = Pi six) ax, 


a 


where Ax denotes the increment of x in the transition from one point 
of division to the next. If we further note that Ax = dx and denote 
the summation not by the Greek symbol 2 but (as it was, in fact, 
done in the past) by the Latin letter S, we obtain: 


b 
S =-S-7 (4) dx, 


and we can agree to denote the limit of this expression by the same 
somewhat deformed summation sign S; one such deformation can be 
the symbol f and such is, in fact, its historical origin. We thus arrive 
at the formula ’ 


b 
pains = [ re i 


The numbers a and 6 are known as limits of integration (a being 
lower and 6 upper) and the interval (a, 4) as interval of integration; the 
function f(x) is known as integrand and the product f(x) dy as 


integrand expression. 


The function f(x) which has an integral in the interval (a, 6) is 
said to be integreable in that interval. It canreadily be seen that only 
a function which is bound in the interval (a, b) can be integreable. 
In fact, if f(x) is not bounded in the interval (a, 4), then for every 
division 7 it will be unbounded and at least in one of the sections 
(xp-3, xe) = An If, for example, f(x) assumes as large a valueaswe 
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please in Ax, then by choosing the point & in the usual way in this 
section we can make /(%;), and therefore the sum 


y I (Sr) % — Ara) 
r=1 


as large as we please; therefore this sum cannot tend to a llmit as 


1(T) > 0. 


Hence the provision that the function be bounded is the 
necessary conditicn for it to be integreable in the given interval, 
However, this condition is not sufficient. We shall learn one very 
convenient rule for the necessary and sufficient condition in § 48. 


We must now study methods for evaluation of integrals for as 
wide a class of integrands as possible. We have already said in §§ 44 
and 45 that the direct method for evaluation of such integrals as limit 
of a sum of a definite structure is not convenient practically and can 
only be used in a very few simple cases; generally speaking, it is too 
complicated to use. We must therefore try to find other more 
applicable and practical methods for this purpose. 


§ 47. Upper and lower sums 


5 


In § 46 we have defined an integral as limit of a sum 


YS (Ex) Ars 


k=1 


which is frequently called an znlegral sum. The value of this sum 
depends on the given division T of the interval (a, 6) and on the 
choice of the points ;, in the sections A;. Tor further development 
of integral calculus it is cOnvenient to introduce sums of another 
kind which correspond to the given division T. 


Let us assume that we are given a bonded function f(x) in the 
interval (a,b) and let AZ and m denote respectively its upper and 
lower bounds in this interval. Let us divide the interval (a, 6) by 
means of the usual division T with points of divison 


= Sy A a Sg 


let us denote the section (¥,~1, vx) and its length by the same symbol 
A. Let M, and m, respectively denote the upper and lower bounds 
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the function f(x) in the section Ay, (1 <k <n). We canthen 
construct the sums 


n n 
S(T) = y) Mi An s(T) = y) me Ae 
k=1 k=] 


It is evident that both sums are defined uniquely by the division 7 
and are independent of further arbitrary elements. We shall call 
S(T) the upper and s(T) the lower sum corresponding to the given 
division 7. We must now study some properties ‘of these sums. 


1°. Owing to the fact that m, </(&:) < M, for every 
choice of the point ¢; in the section A x, we have 


n n n 
(T) = img An < VF Ex) Av < VY My Ae = S(T) 
k=1 k=1 k=] 


i.e. every integral sum which corresponds to the given division is confined 
between the upper and lower sums of this division. 


2°. Let <« > 0 be as small as we please. It follows from the 
definition of the upper bound that we can choose a point €, in every 
section A ;, such that f(€;) > M, — «; but in this case 


YfEn) Av > Ma An —© bi An = S(T) — (6 — a), 
k=1 k=1 k=1 


Together with the inequality 
n 
Vi FE) Ax <S(T), 
k=1 


which, as a result of 1° applies to every integral sum, this shows that 
the upper sum of the division T ts the upper bound of all integral sums which 
correspond to this division. Similarly the lower sum of the division T is the 
lower bound of all integral sums which correspond to this diviston. 


3°. Let J and TJ’ be two arbitrary divisions of the interval 
(a, 6). Let Az, My and m; have their former meanings for the 
division J and let A”,,.M’, and m', denote the corresponding 
values for the division JT’. Finally we denote by Ay the length of 
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the common part of the section A; and A‘; and by My and my 
the upper and lower bounds of the function f(x) in the section A, 
(when the section A; and A‘ have no interior points in common, 
we have Ay = 0; the symbols M,; and m,. can, in this case, have 
arbitrary value, for example M,. = my =0). 


We evidently have : 


ba Ax = Akl, > Arn = At 
l k 


My Mal KS Mit < M,, ( = l, 2) ); 
mi<me < My <M Cha by 2 ash), 
therefore 
s(T) =) m; Ar = Dek mr: Ar < ips mut Ag & 
k kl kl 
<)iy) Mit Ant < Dd MM) An = 
Ke kl 


=) M', y An = > M’', A’) = S(T’). 
y k i 


This shows that the lower sum of every division T does not exceed the 
upper sum of any other division T’. 


4°. It follows from 3° that the set of all lower sums is bounded 
from above; let its upper bound be J); similarly the set of all upper 
sums is bounded from below; let its lower bound be J°. Owing to 
the fact that no lower sum can exceed the upper sum, it does not 
exceed either the lower bound 7° of all upper sums; but if 7° is thus 
not smaller than any lower sum, J° cannot be smaller than the upper 
bound J, of all lower sums. Hence we always have I) <I°, 1.¢. the 
upper bound of all lower sums does not exceed the lower bound of all upper 
sums. 


By using the established properties of upper and lower sums we 
can in the next paragraph deduce many important properties of 
functions in which we are interested. 
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We shall follow the notation uscd in the previous two para- 
graphs. At first we shall prove the following necessary and sufficient 
condition for integrability of a function in an interval. 


Theorem 1. (criterion of integrability). Jn order that the bounded 
function f (x) should be integrable in the interval (a, b) it is necessary and 
sufficient that 

lim [S (7) — s (T)] = 0. 
“(T)~ 0 

Note 1. As always, the relation (1) means: no matter how small 
¢ > 0,a& > 0 can be found such that for any division T of the in- 
terval (a, 5) which satisfies the incquality 1(T) < 6 the inequality 
S(T) — s(T) < <also holds. 


Note 2. ‘The difference wo, = M , —m, betweenthe upper and 
lower bounds of the function f(x) in the section A; is known as its 
variation in that interval.~ It follows from the definition of the sums 
S (T) and s (7) that the relation (1) can also be written in the form 


n 


lim Or, Ap = 
l(T)—>0 
k=1 


Proof. 1. Necessity. Let it be given that the function f (x) is 
integrable in the interval (a, 5); let us denote its integral by Z. For 
any division T with a sufficiently fine J (7) any integral sum (7) 
will differ from J by less than « and it follows 2° § 47 that S(T) and 
s(7) are respectively the upper and lowerbounds of the integral sums 
x(T); therefore none of these sums differs from J by more than «. 
It therefore follows that 


S(T) — s(T) <2, 


the only condition being that / (7) is sufficiently small, and sinee ¢ is 
as small as we please, the relation (1) is proved. 


2. Sufficiency. Let the function f (x) satisfy the relation (1) in 
the interval (a, 6). It follows from 4° § 47 that for every divisio.i ‘7 


we have 


s(1) <h<P < S(T, 
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and for a sufficiently small J (T) the difference S (7) — s (7) is as 
small as ‘we please ; therefore J, = J°; denoting by J the common 
value of these two quantities we obtain for any division T 


s(T) <I < S(T), 
and it also follows from 1° § 47 that 
s(T) <2 (7) < S (7), 


where 3 (7) is any integral sum which corresponds to the division 7. 
It follows from the last inequalities that 


|2(T) —I| < S(T) — s (7), 


where.7 is an arbitrary division of the interval (a, 6) and 3(7) is an 
arbitrary integral sum which corresponds to this division. But provid- 
ed | (T) is sufficiently small, S (7) — s (7) becomes as small as we 
please as a result of (1) ; the same condition therefore also applies to 
| 2 (7) — Z|, and this means that J is the integral of the function 
f (x) in the interval (a, b), Hence theorem | is fully proved. 


Theorem 2. If the bounds function f (x) 1s integrable in ihe interval 
(a, b), then the function | f(x) \ts also integreable in that interval. 


Proof. Denote by w, and w*, the respective variations of the 
functions f (x) and | f (x) | in the section A;,. It can readily be seen 
that if the bounds Mand m, of the function / (x) have the same signs 
in the section Ax, then 

wo, == Ww, =M, — MM je 
If, however, the signs of M;, and m, are opposite, then 
ot, <|M,|+| mel = Ma — my = 0%. 
Hence in all cases ow, < w*,. It therefore follows from 
n 
Yo, Ak > 0 
k=1 
that 


n 
* 
> es Ar 0, 
k=1 
and in view of theorem | this theorem is proved 
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The proved criterion of integrability (theorem !) enables us to 
establish existence of integrals for very wide classes of functions. 


Theorem 3, Every function f (x) which is continuous in the interval 
(a, b) ts tntegreable in this interval. 


The great importance of this theorem is obvious. It shows, for 
example, that the curvilinear trapezium which is bounded from above 
(cf. § 44) by a continuous curve always has a definite area. 


Proof. The function f (x) is continuous in the interval (a, 5) ; 
it follows from theorem 5 § 23 that it is uniformly continuous in that 
interval. This implies as follows: for every ¢ > 0,a8> 0 can be 
found such that if x,—-*«,<6 (a <x < x, <5), then| f (x2) —f (x)I<. 
Let 7 denote any division of the interval (a, b) for which / (7) < 6. 
Since the function f (x) is continuous, it assumes in every section Ar 
its minimum value f (é’;) and its maximum value f(&";) (theorem 
2 § 23); it is therefore evident that f (&',) = m, and f (&",) = Mj, so 
that 


but &, and 2”, belong, to the same section A;, whose length is less 
than 8; therefore f (&".) +f (&',) < ¢ and we have: 


n n 
Voor Ar<e Pare —a, 

k=1 k=1 
the only condition being that 1(T) <6. This means that our cri- 
terion js satisfied and therefore the function f (x) is integrable in the 
interval (a, b). 


Theorem 4. Every funetion f (x) which is bounded in the interval 
(a, b) and hasonlya finite number of points of discontinuity on it 1s integrable 


in that interval. 


Let the points of discontinuity of the function f (x) in the inter- 
val (a, b) be as follows (in increasing order): 04, %», ... » %r, and Iet ¢ 
be an arbitrary positive number. We denote by d; the section 


(ac — ¢,4i + €) (I <7 <7”), 
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and let « be so small that these sections do not overlap in pairs. ‘The 
function f (x) is continuous in every scction («:-; +£,%; — ¢) (¢f Fig. 
34, wherethese sections are marked). Therefore as in the proof of the 


Qi-t Qi Cit 
Fig. 34, 


previous theorem, we can find for every section a number 5 such that 
the variation of the function f (x).in any section of length < 8 which 
lies entircly within the marked section is smaller than «. Evidently 
each marked section has its own 6; but since there isonly a finite 
number of such sections, each section will contain the smallest value 
of 5, which we shall in future denote by 5. Hence in any section of 
length < 5 which hes entirely within one marked section (it does not 
matter which one) the variation of the function will be smaller than «. 


Let J denote ‘an arbitrary division of the interval (a, 5) for 
which / (7) < 5. Let us divide the sections A; of this type into 
two kinds : 


1) sections of the first kind which He entirely within one 
marked section, and 


2) sections of the second kind which have points in common 
with another section dj. 


With this in mind let us divide the sum 


Yoomr= Pty 
k=1 


into two sums, Where 2’ refers to all sections of the first kind and 
2" to all sections of the second kind. Since 1 (T) < 6, therefore. 
w, < € for any scction of the first type and therefore 


, , : 
y) opAr<ey A; Se 3 A, =e(b- a). (2) 
k=} 


As far as sections of the second kind are concerned, those sections 
which have points in common with another section d, evidently form 
a section whose length is less than 2 « + 2 8, since they all lie in the 
section (x; -e—58, a;+-<+65); and since the number of sections di is 
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equal tor, the sum of the lengths of all sections of the second kind 
does not exceed 27 (z + 5) ; we can evidently always select 8 < ¢ such 
that the sum of these lengths will be less than4re. And, finally, since 
the variation i = M1, — m,, of the function f(«) in any section 
does notexceed M—m (i.e. the variation of f (x) in the whole section) 
therefore : 


n” 


» OpAr < (AM — m) y) Ant <x4(M@—m)re. (3) 


It follows from (2) and (3) that 


n 
) OrpAp<e{b—a+t+4(M—~m)r}, 
k=] 


the only condition being that /(T) < 8; since e > 0 is as small as 
we please and the remaining letters on the right-hand side of this 
inequality denote constants, our critetion is satisfied and the function 
J (x) is integrable in the interval (a, 0). 


Theorem 5. The function f (x) which 1s bounded and monotonic in 
the interval (a, b) ts integreable in that interval. 


This theorem does not follow directly from the preceding 
theorem, since a function which is bounded and monotonic in a given 
interval (a, }) can have an infinite number of points of discontinuity 
in that interval. Thus the function 


O (x = 0), 
fix) = <1 I ! = 
a (4<#<Z)e= eee ere 


which the student should represent graphically, is a bounded non- 
decreasing function in the interval (0, 1); at the same time, however, 
it has points of discontinuity at every one of the points 1/2, 1/3, ..., 
lfm... 


Proof. Let the function f(x) be non-decreasing in the interval 
(a, 6). It is evident that for any division T of the interval (a, 6) we 
have the following expressions for the uppér and lower bounds of the 
function f(x) in the interval Ay = (Wg-1, ¥e) * 


M, =f (xe), me = f(r), 
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and therefore 


yy O, A, = » { f (xn) — SF (%r-a) } An 


k=1 k=1 
If UT) <8, then in this sum A, < 8 (1 <k <n); and since the 
function f(x,) > f(x,-1), consequently 
{ f(x) —S (tea) } An < {Slt —S (tea) 38 (1 Sk <a), 


and this means that 


Yi on An <BY { flee) - flea) } = 8 { f(b) — f(a}. 
k=1 


k=1 
Since 5 can be chosen as small] as we please, 
n 
O, Ax -> 0 [(T) > 0]; 
k=1 
our criterion is thus satisfied and theorem 5 is proved. 


We recommend the following useful exercises from B. P. Demi- 
dovich’s Problem Book : Section IV, Nos. 57, 61, 71, 73. 


CHAPTER XIII 


RELATIONSHIP BETWEEN AN INTEGRAL 
AND A PRIMITIVE 


§ 49. Simple properties of integrals 


In this chapter we shall try to establish the fundamental 
relationship existing between two basic concepts of integral calculus— 
the primitive and the integral, which have so far been considered 
quite independent of one another. In order to do this we must at 
first establish some simple general properties of integrals and we shall 
do so in this paragraph. 


Theorem 1. Jf the function f(x) = ¢ is constant in the interval 
(a, b), then 


b b 
r= [sede | cdemc—a), 


a 


In order to prove this theorem it is sufficient to note that for 
every division J and for every choice of the points & we have 


eS (Xe — %e-1) = aK Xp — Xp-1) = ¢(b —a), 


and therefore also 


I = lim Bre (x_ — Xp) =e {b — 4). 
ce aur 
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Theorem 2. If f(x) <® (x) (a <x <b) and 9 (x) is integrate 
in the interval (a, 6), then 


b b 
[re dx < ie dx. (1) 


In fact, it is given in the condition of this theorem that for every 
division 7 and for every choice of the points &, 


n 


Yi f(Ex) Ae < Yen) Avs 


k=] k=1 
hence the limiting process for /(T) — 0 gives the inequality (1). 
The following is a corollary from the theorems | and 2. 


Corollary. Jf the function f(x) ty integrable in interval (a, b) and if 
at an arbitrary point x in this interval m < f(x) < M, where m and M are 
arbitrary numbers, then 

b 


mb—a)< [709 dx < M(b — a). 


Theorem 3. Jf the functions f,(x)| and f(x) are integrable in the 
interval (a,b), then the function fy (x) + fo (x) is also integrable in that 
interval, and 

b b 


b 
[LAG feller = [fiiodet [fede 


In order to prove this theorem it is sufficient to note that if we 
denote by 1, 2, and 2 the respective sums of the form 


Feb Kip — HX p-y)s 
k=] 


which is related to the functions fy, fgand f, + f. respectively, then 
for every division T and for every choice of the points 2; we evidently 
have : 


2 = 21+ Xe, 


and while taking limiting process for /(T) — 0 we are simultancously 
proving integrability of the function f, + f, and the equation (2). 
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Theorem 4. Jf the function f(x) is integrable in the interval (a, b) 
and « 1s an arbitrary constant, then the functton « f(x) is also integrable in the 
tnterval (a, b) and 


b 


[af ade = a i fils) dx (3) 


a 
(“the constant factor can be taken outside the symbol of integration’’). 


To prove this theorem it is sufficient to note that for every 
division of the interval (a, 6) and for every choice of the points &; 


n 


» af(Ex)(x, — Xn) = & Y flew (e—a 0a) 


k=1 k=1 


and the usual limiting process proves integrability of both the function 
a f(x) and the relation (3). 


Theorem 5. If axa’ <b’ <b (te. if the interval (a’, 6’) 
comprises of a part of the interval (a, 6), then every function which 1s integrable 
in the interval (a, 6) ts also integrable in the interval (a’, 6‘). 


Proof. Let it be given that the function f(x) is integrable in 
the interval (a, 5). It follows from the criterion proved in §48 that 
in this case, a § > O corresponds to every « > 0so that we always 
have for /(T) < 5: 


b n 
ee VopAn <5 (4) 
a =] 


where the sum corresponds to the division 7 of the interval (a, 8). 
Let 7’ be an arbitrary division of the interval (a’, 6’) for which 
WT’) < 8. Let us now divide the intervals (a, a’) and (b’, 5) into 
arbitrary sections of length 8; we then evidently obtain a division 


T of the interval (a, 6) for which UT) < 6 and therefore it follows 
from (4) 


> <€ 
a 
i’ 
But the sum y which corresponds to the division T’ comprises of a 


a’ 
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b 


part of the sum y which .corresponds to the division 7, where all 


a 
terms of the latter sum are non-negative. Therefore 


b’ b 
B< fee 
a’ a 
the only condition being that (7 ’) < 5; in terms of our criterion 


this means that f(x) is integrable in the interval (a’, 5’). 


Theorem 6. Leta <c¢ < b; in that case every function f(x) which 
is integrable in each of the subintervals (a, c) and (c, b) is also integrable in the 
interval (a, b) and 


| f(x) de = [ Sls) dx + ( fix) de. (5) 


Proof. Let J be an arbitrary division of the interval (a, 5); 
we denote by 7’ the division abtained from 7 by adding the point 
c as a point of division and by 2(T) and 3 (7’) the sums of the form 


n 
y G) 7; A ik 
k=1 


which are respectively related to the divisions J and JT’. These two 
sums differ from one another only insofar as one term of one sum is 
replaced by two other terms in the transition from X(T) to X(T’); 
and since all terms of both sums are infinitely small for (7) > 0, 
therefore 


X(T) — X(T’) > 0 [l(T) > 0]. | (6) 


But the sum (7 ’) which we have constructed in the intervals (a, 5) 
can evidently be broken up into two similar sums for the subintervals 
(a, c) and (c, 6), each of which, as a result of the assumed integ- 
rability of the function f(x) in subintervals (a,c) and (c, 6) tends to 
zero for (7) + 0; hence 3(T’) +0; but it then follows from (6) 
that (7) — 0 for (7) — 0, and this means that the function f(x) is 
integrable in the interval (a, 6). 


We must still prove the relation (5) for the integrals. Since we 
have proved integrability of the function f(x) in the interval (a, b), 


AN INTEGRAL AND A PRIMITIVE 217 


there are no other difficulties. In fact, we have in the interval 


(a, b) for l(T) > 0: 


n b 
S = YF alen — xa) > [f@) de = (7) 
k=1 a 


independently of the divisions J and the choice of the points &; 3; we 
can, for example, select a division T such that the point ¢ should 
always be a point of division ; but in that case the sum S is broken 
up into two sums S’ and §” of a similar form constructed in the 
subintervals (a, c) and (c, 5) respectively ; it follows from the assump- 
tions of tle theorem that these two sums tend respectively to 


¢ b 
[fG) dx <7 and [fo de= a" 


for 1(7) + 0 so that 
S= S'4 "+> +1" (8) 
for / (J) — 0; it follows from (7) and (8) that 
J=r'+!’, 
and theorem 6 is thus fully proved. 
Corellary. [fa<cy<0,.< 1. <n <b and the function f (x) is 


integrable in each subinterval (a, ¢,), (C1, C2), «+» » (Cn, 0), then it is integ- 
rable in the interval (a, b) and 


b Cl 


| Fendr= [sae fre dx +t... + [rte 


a 


; As a result of theorem 5 the condition of integrability of the 
function f (x) in each individual subinterval can be replaced by the 
condition of integrability of this function in the whole interval (a, 4) ; 
it follows from theorem 5 that f(x) will then also be integrable in 
every individual subinterval and the corollary remains valid. 


Let us now make one more remark which we shall soon find 
very useful. ‘The integral 
. b 
ok (93 


a 
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(if it exists) depends, according to its definition, only on the following 
elements : 


1) the form of the function f (x), and 


2) the numbers a and b; 
if these elements are given, then the integral is uniquely defined. 
Thus, for example, the integral (9) does not depend on the variable x which 
is usually known as the “variable of integration’’. Therefore by 
changing the symbol of this variable we do not alter the integral ; in 
other words, the expressions 


4 b b 
[soa [rore, [roa 


etc. always denote one and the same thing. This simple and self- 
evident fact is analogous to fact that, e.g. 


20 20 20 
l l l 
Vet. Gat 2 B 


etc. all denote the same thing, viz. the sum 


] 1 l 
L+ 5 aa ots oe + 90° 
This sum is independent of our notation, 1.e. of the “index of 
summation’, in the same way as in our example the value of the 
integral is independent of the symbol used for denoting the vartable 
of integration. 


§ 50. Relationship between an integral and a primitive 


We shall now try to establish a law which is usually regarded as 
fundamental in differential and integral calculus, since it serves logi- 
cally and historically as the basis for further development of these 
branches of mathematical analysis. 


Let it be given that the function f(x) is integrable in the interval 
(a,b) and let a << x < ); it follows from theorem 5 § 49 that the 
function f (x) is also integrable in the subinterval (a, x) ; however, we 
find it inconvenient to denote its integral in that subinterval by 


| f (x) dx, 


AN INTEGRAL AND A PRIMITIVE 219 
for in that case the letter x would be used in two totally different 
meanings : it would be used as the variable of integration and as the 
upper limit of the integral. Therefore using the final remark of § 49 
we shall always denote the variable of integration in such cases by 


another letter, 7.e., for example, we shall write the integral of the 
function f (x) in the subinterval (a, x) in the form 


fy (u) du. 


If we now assume that the lower limit a of the integral is cons- 
tant while the upper limit x can change arbitrarily in the interval 
(a, b), then the above integral will evidently be a function of x which 
we denote by F (x). We shall now prove the following fundamental 
proposition. 


Theorem 1. If the function f (x) ts integrable in the interval (a, b) 
and continuous at an interior point x in this interval, then the function 


F(x) =| ftw) du 
1s di fferentiable at the point x and F’ (x) = f(x). 


Proof. Leta<x< band Ax > Obesosmallthatx+ Ax <b, 
It then follows from theorem 6 § 49 that 


x-+ Ax x 
F(x + Ax) —Fe)=[swa—[ Fe d= 
x+ Ax 
=| sds. (1) 


*) So as not to exclude the case x = a we should give a difinite meaning to 


a 
the cxpression F (a) = { f(x) dx. It can readily be shown that F (x) > 0 for 
a 


x— a+ 0; we can therefore naturally assume that F (a) = 0 and we shall always 


do so in futurc. 
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Since it is given that the function f (x) is continuous at the point 
x, therefore no matter how small e > O we have for a sufficiently 
small Axandx <u < x4 Ax: 


f(x) —e<f(u) <f(x) +.¢, 
and it therefore follows from theorem 2 § 49 that 
x+ Ax x+ Ax x+ Ax 
| [f (x) -- ce] du < | Sf (u) du< | [ f(x) + ej du. 
“ “ x 
Hence we obtain from the relation (1) 
x+ Ax x+ Ax 
Z| (fy edu EF ADI FO < 


x 


x 


In each of the two integrals the integrand is independent of the vari- 
able of integration u and it is therefore a constant. Applying theorem 
1 § 49 to the right and left-hand sides of thé inequalities obtained, 
we therefore have : 


Fix+ — F 
BEANIE! crite, 


J(x} - #8 


and since « is as small as we please for a sufficiently small Ax, these 
inequalities show that 
fi ee) NP 


lim ~. = 
Ax>+0 Ax F(x). 


Finally an analogous analysis of the case Ax < 0 (which the reader 
can undertake himself) readily shows that this relation remains valid 
fora <x < band Ax + — 0 andthat the function I(x) is there- 
fore differentiable at the point x: hence 


and theorem | is proved. 


Note. We have evidently proved more than what is necessary 
for the statement of theorem 1. Apart from the relation F’ (x) = f(x) 
for interior points x in the interval (a, 6), we have also established 
that (assuming that f(a) = 0) 


lim Cl ears lim (b+ Ax) ~ F (b) 
Ax +0 Ax Ax->>-0 Ax 


== (0) 
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(provided, of course, f(x) is continuous at the points a and 6 respec- 
tively). It is evidently convenient to say that the function F(x) is 
the primitive of the function f(x) in the interval (a, b) if, together with 
the relation F’ (x) = f(x) for interior points in that interval, the two 
above mentioned limit relations are also satisfied at its end points. 
We shall consider this to be so in future. 


Since the function f(x), continuous in the interval (a, 5), is always 
integrable in that interval (theorem 3 §48), it follows directly from 
theorem | that 


Theorem 2. If the function f(x) is continuous in the interval (a, b), 
‘then the function 


F(x) = [yo du 


is the primitive of the function f (x) in that interval. 


In order to appreciate fully the significance of this proposition 
we note that the mere fact, established by this theorem, that a 
primitive exists for every continuous function is completely new to us; 
we have learnt in Chapter XI to find primitives of a few elementary 
functions; however, outside this narrow region of functions the 
problem of existence of primitives remains quite open. 


If we can find integral of the given function f(x) in an 
arbitrary subinterval (a, x), then, as a result of theorem 2, we can 
also find one of the primitives f(x); we know from the results of 
chapter XI that in this case we thus know the whole family of 
primitives /(+). Hence, if we are able to find integral of the given 
function, we can also find all primitives. However, it is much more 
important to note that the results obtained will enable us to solve the 
converse problem: by knowing one of the primitives of the continuous 
function f (x) in the interval (a, b) we can find its integral in that interval. 
In fact, let ®(x) be an arbitrary primitive of the continuous function 


f(x) in the interval (4, 4). Since 


F(x) = io du, 
a 
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therefore, as a result of theorem 2, it is also a primitive of this 
function ; it follows from the results of chapter XI that the differcnce 
® (x) — F(x) is equal to a constant number C'so that 


® (x) = F() + 6. (2) 


Assuming in this equation that ¥ = a andremembering that I* (a)=C 
we have C= ©(a). Therefore, assuming in (2) that x = 6 we 
obtain : 


F(b) = | f(u) du = © (b) — © (a). 


S Cee 


Theorem 3. If (x) is an arbitrary primitive of the function f(x) in 
the interval (a, 6), then 


f (x) dx = O(b) — (a). 3) 


=“ o 


Hence, by knowing any one primitive of the continuous 
function f(x) in the interval (a, 6) we can directly write its integral 
in that interval. The evaluation of integrals 
which has so many different applications 
‘therefore involves finding primitives of 
functions; this problem is of great impor- 
tance in mathematical analysis and in its 
applications, We have already considered 
it in detail in Chapter XI and we shall 
consider it again in Chapters 16 and 17. 


The moment when possibility of 
evaluating integrals by means of primitives 
of functions was fully realised was a turning point in the historical 
development of integral calculus. Prior to it the science of integ- 
ration was at a very unsatisfactory level, since in each case a new 
method had to be found for evaluation of each individual integral; 
it now became possible for the first time to use a single method for 
many divergent classes of functions; it can therefore be said without 
exaggeration that from that moment onwards integral calculus began 
to develop as an independent scientific branch. 


We shall now give one very simple method which illustrates 
effectiveness of formula (3). Let the curve at the top of the curvi- 
linear trapezium (Fig. 25) be a parabola with an equation y=ca?(c>0 
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is a constant). As we have already said the area of a similar 
parabolic trapezium was evaluated by the ancient Greeks (Archimedes), 
but their method, based on the simple evaluation of limits of the 
corresponding sums, required complicated calculations. We are now 
able to write directly the complete solution of this problem by using 
formula (3), The required area is 

b 


oS | a? dx; 
a 


but the function cx? has the primitive cx*/3 which we can take as the 
function ® (x) in formula (3); therefore 


S$ = &(b) — @ (a) = 


which solves our problem. 


For further exercises cf. Problem Book by B.P. Demidovich, 
Section IV, Nos. 1—4. 


§ 51. Further properties of integrals 


In § 49 we have established a series of the simple properties of 
integrals We shall now add some other properties fo them. In § 49 
we were trying to establish properties of integrals which would lead 
us in the shortest possible time to formula (3) $50, which gonnects 
the integral with the primitive of a function. Now, on the other 
hand, we shall use this formula to dcduce somc other properties of 
integrals. 


1. In the construction of the integral 
b 
[ £0) dx (1) 
a 


we have so far always assumed that a < 6; however, the right-hand 
side of formula (3) §50 remains fully dcfined even whena > 8. 
Therefore it is natural to ascribe a meaning to the expression (1) for 
every a and 4, defining it with the help of formula (3) §50 when 
a >. Thus for every a (and for every continuous function /) we 
obtain, for example 
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and when a > b 


[ f(x) dx = — i f(x) de (2) 
a b 


(where we alsohave 6 >a). The relation (2) can be stated as follows: 
if the limits of integration are interchanged, the integral changes its sign. 


In all these considerations we have assumed that the function 

f(x) is continuous in the interval (a, 6); it is, however, natural to go 
b 

{ 

further and assume that the relation (2) defines the integral | ST (x) dx 
° ° « o ° a 

for b < a for every funtion f(x) which is integrable in the interval (a, 5). 

From now on we shall accept this definition. 


Let us also draw attention to the fact that if b = a, the formula 
(3) §50 gives: 


[nora = 0; 


* we have accepted this equation in §50. We can now see that this 
agreement fully confirms with formula (3) § 50. 


On the right-hand side of formula (3) § 50 we have the difference 

®(b) — O(a) of values of the function ®(x) for x = 6 and x =a. 
: b 

This difference is frequently denoted as follows: ® (x) | and known 
a 


as the “‘substitution”’ of the function ® (x) from a to 6. 


Since, according to formula (3) §50, the primitive can be 
written in the form Jf f(x)dx, we can rewrite this formula in an equi- 
valent form as 


b 


| (Ode (| F(x) an)", (3) 


a 


Example 1. 


1 
a2 = = — 14, 


1 
| 6x? dx = (2x3) 
2 
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2. The law of integration by parts for primitives has the form 
[ wo! dy = uw — [wa 


substituting on both sides from a to b we find according to the formula 


(3): 


b b 
b 

[uo’ ax = (wo) — fou’ as, (4) 
a 

a a 


This is the formula of integration by parts for integrals. 


Example 2. Let us evaluate the integral 


4 


| In x dx, 
1 


and we do not remember the primitive of the function In x, Assuming 


“u= Inx Giese 
3 x? 
Uo = by Ue; 


we find with the help of formula (4): 


é 
= [de = elne — Tin —(e-1) = 1. 
1 


é 
[in wax = xInx 
1 


For further examples cf. Problem Book by B.P. Demidovich, 
Section IV, Nos. 15-17. 


3. The method of integration by replacement of the variable is 
based on formula (7) §43: when u = ? (x), we have: 


[ seo du = | florea (5) 


The left-hand side of this formula denotes the primitive F(z) of the 
function f(u) in which we have replaced u by ?(x), ie. F[?(x)]. 
Therefore substituting from a to 6 on both sides of formula (5) we 
obtain : | | 

b j 9(d) 

[ floGo1 2) dx = Flo] = FIO N— FL a= [ f) de 


a (2) 
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+, Hence if the function ?(*) has ‘a continuous derivative in the 
interval (a, 6) and the function /(u) is continuous in the interval 
[? (a), ?(6)], then 
plo) 
[ote )] P’ («) dx = x Sf (u) du. 
(a) 
This is the formula of replacement of the variable for integrals. 


Example 3. Assuming that uw = ?(x) = cos + we have: 


™ 7 ea af 2 
4 4 ae oe 

= P(e) ae. du : l , 
tan xax— — [ Oe = —| lear acs = In 2. 
0 0 cos 0 


4. Mean value theorem. Let and m denote the upper and 
lower bounds, respectively, of the integrable function f(x) in the 
interval (a, 6). It follows from the corollary of theorem 2 §49 that 


mbaaye [ye <M (b= a), 


and therefore 
: - b 


a 


These inequalities apply to every function f(x) integrable in the 
interval (a, 6). If f(x) is;continuous in that interval, then it follows 
from theorem 3 §23 that it should assume an arbitrary value between 
its lowest value m and greatest value M in the interval (a, b). But 
the inequality (6) shows, that this condition is satisfied by the number 

, 
| 
i eee SF (x) dx ; 


a 


oy 


therefore a point ¢ can be found between a and 6 such that 


a jet 
Lab aks ; a SF (eC) ee pany} [ 4) dx, 
os a 
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or 
b 


mio dx = f()(é — a). (7) 


} a 


This formula does not contain anything that is essentially new: if we 

denote by F(x) a primitive of the function f(x), then formula (7) can 

be written in the form | —s 
(8) = F(a) = F’((6 — a); 


existence of the point c(a < ¢ < 5) which will satisfy this relation can 
simply be proved by applying Lagrange’s theorem (§ 36) to the function 
F (x) in the interval (a, 5). The above deduction from formula (7) is 


interesting insofar as the relationship between an integral and a 
primitive is not used. 


The ‘‘mean value theorem’’ expressed by formula (7) can be 
generalised. Let the function ? (x) be continuous and keep the same 


sign in the interval (a, 5); we shall assume, say, that it is not negative. 
then fora < x < b we have 


m? (x) < f(x) ? (x) < MP (x), 


and therefore it follows from theorems 4 and 2 $49 that 


b b b 
m | &( dx < <].709 900) de <M | ots 2 
or . 
b 
[ £6) 2G) dx 
m< a <M 
[ew dx 


a 


As’ before, we can therefore Eonclude that a pom c exists 
between a and 6 for which ty 


[ f0) 9@) de 
f=, 


aw | 202) as 
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or 
b 


, b 
[ f0 20) de =f [ 0) ae, (9) 


a. 


Theorem (Mean value theorem). Jf the functions f(x) and 9 (x) 
are continuous tn the interoal (a, b) and tf p(x) keeps the same sign, then a 
point c can be found between a and b for which the relation (9) holds. 


We find in practice that this theorem is not as useful as the 
inequalities (8) which lead us to it. 


Note. In the proof of formula (9) we divide by the integral 
b 


| ? (x) dx, 


a 


and therefore assume that it is not equal to zero. Butif the function 
¢@(x) is identically zero in the interval (a, 5), then the relation 
(9) is trivially true (for every c). If, however, p(«) > 0 only for one 
value of «(a < a < 5), then it follows from continuity ofthe function 
# (x) that it is also positive in the neighbourhood (« —¢, a+) of the 
point « (lemma §23). If M > 0 denotes the lowest value of the 
function (x) in the subinterva] (« — e,« + ¢), then (corollary of 
theorem 2 § 49) 


b ate 
[ea > [ ede Sele +o-@-o=2ue>0. 


5. In practical applications one simple corollary of theorem 2 
$49 is often very useful. We evidently always have 


— | f(x) | < f(x) < IF ls) |; 


it therefore follows from this theorem that if the function f(x) is integ- 
rable in the interval (a, 5)*), then 


b b b 
- [ise iar < [sm a < [ise las 


*) The integrability of | f(x) | is proved in 848 (theorem 2), 
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or, which is the same 


b b 
[0 ae| < Fife las 


The absolute value of the integral does not exceed the tntegral of the 
absolute value of the integrand. 


This important inequality is analogous to the inequality in 
elementary algebra according to which the absolute value of a sum 
of several numbers never exceeds the sum of their absolute values. 


CHAPTER XIV, 


Pees Poppe so 
fit " 


| GEOMETRICAL AND. MECHANICAL APPLICATIONS | 
“y ~ OF INTEGRALS: °©i 


§ 52. Length of an are of a plane curve 


Apart from calculating areas of plane surfaces, calculation of 
the lengths of arcs of plane curves is one of the most important 


geometrical problems solved by 
means of integral calculus. Impor- 
tance of this problem is so great 
from a practical point of view that 
no further explanations are needed. 
In this case, as with areas, elemen- 
tary geometry enables us to cal- 
culate only the lengths of straight 
lines and circular arcs, but a general 
solution is only possible with the 
, help of methods of mathematical 
Fig. 36. analysis. In this case the logical 
situation again assumes its familiar 
aspect : we must define simultaneously the general concept of 
length of an arc and find an apparatus for the practical evaluation 
of this length. 


ys (s) 


We shall try to solve this problem by a method which resembles 
even more closely than that used for calculating areas to the methods 
by which lengths of circumferences and arcs are calculated in 
elementary geometry. Let us assume that the given curve represents 
the graph of the function » = f(x) and that we wish to find the 
length MN of this curve (Fig. 36) between the points Jf[a, f(a)] and 
N[d, f(6)]. As in other problems of this type we begin with an 
arbitrary division J of the interval (a, b) by means of the following 
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points of division : a = x) < x, <<... <x, = 6. From every point 
of division we draw a perpendicular to the OX-axis and produce it 
to intersect the curve i ees = f (x). The arc MN of this curve is thus 
divided into n sections.‘ Let us now connect each’ pair ‘of adjacent 
points of division of the section MW by a rectilinear chord. .The set 
of these chords forms a broken line inscribed in the arc MN. The 


length of this broken line can abviously be calculated, , 


If we now make the division 7 as fine as possible, then the 
constructed broken line will evidently adjoin the arc MN more and 
more closely. Therefore as in the case of circumference, it- seems 
obvious to define length of the arc MN as limit of the length of the 
broken line as the division'T tends to become indefinitely fine. It is, ofcourse, 
essential that this limit should exist and that it should be independent 
of the chosen system of division TJ. This definition solves the first 
part of our problem. 


The length of our constructed, broken line evidently depends on 
the division T of the interval (a, b); we can therefore denote it by 
‘E(T). If we denote the ‘required length of the arc i by L a, 
in accordance with our definition, we have : 

L=ilim L(T), 
l\(T)30 . 

where U7) has its usual meaning (the length of the longest sub- 
interval of the given division). In order to obtain a method for 
evaluation of Z on the basis of this definition it is at first necessary'to 
find an analytical expression for the length L(T) of the constructed 
broken line. This can readily be done. Two adjacent points of 
‘division of the arc MN have the following co-ordinates: [x,-1, f (*z-1)] 
and [xz, f(xx)]; therefore the length of the link in our chain connect- 
ang these two aii 


V(x~ — Xp)? an ar (Xx) — f (x ral’, ‘ 


and consequently 


L(T)= Viv @e — tea) + Sf Oe) — Fv 
k=1 
‘Let us now assume that the function f (x) has a continuous deri- 
vative f’ (x) in the interval (a, 5). It then follows’ frorn*Lagrange’s 
theorem that 


F=f Rel Gee SES, 
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where 
Huy < Ex <a, (Ll Sk <n). 


Therefore assuming further that *; — *,. = Axr(l1 qk <n) 
we have : 


L(T)= a, P+ f(x) Ax. 


k=1 


Since it is given that the function / (x) is continuous, therefore the 
function 


Vt fF) =% (2) 


is also continuous and we have : 


L(T)= \i yx) Ar 
k=1 


But we know that if / (T) — 0, then irreepéctive of the chosen divi- 
sion and the position of the points € , in the subintervals the follow- 
ing integral has as its limit 


b b b 
[ewaalyisyrey d= | THe ae 
We therefore have : 
b 
= [v Daeg 


which fully solves our problem by replacing evaluation of the length 
L of the arc MN by evaluation of an integral whose integrand is 
known to us. 


un [v TEP T+ F? Gi) ar, (1) 


Example 1. ‘The catenary 


e7 + e® 
2 


y = cosh x= 


has the form shown in Fig. 37. Let us find the ength Z of the arc 
of this curve between « = O and x = a > 0. We know that 


2 b 


¢ 


y’ = sinhx = - 
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and therefore 
Vil+y? = Y I+ sinh? x = cosh x 


(this elementary calculation shows that cosh? «x — sinh® x = 1 for any: 
x). Therefore the general formula (1) gives : 


a 
la et — e-4 


a 
L= [v l+y?%dx= [cos x Gee, =sinh a = gs 
0 0 


and our problem is solved. 


We have so for assumed that the curve is given by an equation 
of the type y = f («). This means geometrically that every straight 
line parallel to the OY-axis intersects the section MN of the given 
curve at one point only. This condition may often prove to be res-- 
trictive and in some cases it may be impossible to satisfy it for any 
choice of coordinates — for example, when we are calculating the 
length of a closed curve. In such cases it is much more convenient 
to use the more general parametric representation of a curve by 
means of two equations of the type 


x= ?(t), y= ot), (2): 
where the parameter / runs through a section « < t < $6 while the- 
point (x, y) describes the section of the curve in which we are interes-- 


ted and which, in this case, can be of 
an arbitrary shape ; thus if 


x =rcost, y=rsint, 
O0<t<2z (r> 0), 


then the point (x, y) describes a full 
circle 


x? + y? — 2 


Fig. 37. 


of radius r. 


We shall now try to find an expression for the length of the arc. 
of the given curve when this curve is expressed as parametric equa-- 
tions of the type (2). For this purpose we subject the interval («, 8), 
along which the parameter varies, to a division T with the following: 
points of division: « = ty< ty <<... <t,= 8. The link of the broken 
line which corresponds to the section Az = t% — tx-1 of this division 
evidently has the following length 


V/ (? (te) — % (tx)? + [Y (tx) — (trad T*. 
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Assuming that the functions ? (¢) and  (¢) have continuous deriva- 
tives in the interval («, 8), we have according to Lagrange’s theorem : 
P (tx) — 9 (La) = 9" Ax (tra <TE< Cx); 

P(tx) — (Lea) = Y' (t's) Ak (Fea < Te <4), 


and therefore the length of the broken line which corresponds to the 
division 7 is 


; If the same value of the parameter ¢ (for example T ,) stands 
under the symbols 9? and ”, then for / (J) + 0 *) the sum on the 
‘right-hand side tends, as we know, to the integral 


Lelverwivrod. 8 


x 


In fact, however, 1,’ need not coincide with t, and this creates ‘diffi- 
culty i in the limiting process which we must overcome. Let usassume 
-for the sake of brevity that : 


VOR) UF) =P VOR FUP OHO) 


so that 


L(T)= - Bo ai = Bevart Ble ona. 
kel” k=l k=1 


The first sum on the right-hand side tends to the integral (3) as 
its limit for 1 (7) —- 0. Hence in order to show that this integral is 
also limit of L (T) it is sufficient to prove that the last sum on the 
right-hand side tends to zero for 1 (JT) — 0. We shall do so now. 


It o' (t,) = 0, then px =|‘ (tx) |. 0/2 = [¥" ( t",)| and 

‘therefore . ; 
le’n — Pel SIV’ (ry) — v' (=) | 

If; however, ?’ (tz) 34 0, then P, > 0,e’, > 0, and 


on? — P',? = 8 (c ‘)—v"? (t)=[0' (4 ')U'(te)] [p ’ (7 +Y'(e)] 


*) 1 (T) denotes, as usual, the longest subinterval A, of the division T. 
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and consequently 


Lf? hie 
eae Paeanine ‘(T) 


Leo! (a) | <<) e yD —U' (a) | 


so that evidently 


pee Ty) +b! (te) 
Py Pa 


We therefore have in each case : 


1P’e — eed <[b' Ce) — U'D |, 


<1. 


and therefore, “ 


Py eaeuaelk Vy (t',)—' (7x) [An (4) 
k=1 k=l 
But in accordance with our assumption the function tp’ (é) is 


‘continuous and therefore also uniformly continuous in the ne 
(a, 8). Ife > 0 is as small as we please, then evidently 


Lu’ (en) —b' (eI <e (1 <k<2), (5) 


provided / (T) is sufficiently small. But it then follows'from (4) and 
(5) that 


n n 4 - 
1) (0°, — Px) Ax | <e ae 


; ket k=1. ee 
‘This proves that for J (T)-> 0 i 
n 
» (0'x — ex) Ax > 9, 
k=1 
.and therefore 


, 
$ : 


L(T) ee oe | JF? + ’2(t) dt. 


Hence if the.curye is given in parametric from the length of the 

arc corresponding to’the interval « <¢ <® of the parameter is 

evaluated by means of the integral (3). It is evident that this 
antegral assumes the familar form (1) for ¢ = x. 
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Example 2. Find the length of the cycloid (Fig.. 38) 
x =a(i— sint), y = a(l — cos?) 
in the intervalO <t < 27. 


We have (denoting differentiation with respect to.f by dashes) = 


x = a(l — cost), »’ = asin, 


and consequently 


x2 +. y’2 = 2a?(1—cost) = 4a? sin? a 
a aa yee sin 5 
hence 
2x ™ m 
L= | 2a sin = dt = 2a [2 sin u du = 4a( — cos u)| = 8a. 
0 0 0 


For further exercises cf. Problem Book by B.P. Demidovich,. 
Section IV, Nos. 209, 220. 


If instead of considering the interval (a, 8) we consider the- 
subinterval («, ¢), where ¢ varies from « to 8, then the length of the: 
arc of the curve in the subinterval (a, ¢) will be a function of ¢: 


t 
L= Lh) = [ver + 0? (u) du 


(as usual, in such cases we no longer denote the variable of integration: 
by ¢ but by any other letter, for example zw). 


Hence 


dL = VWdx*® + dy*. (6): 
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In the case when t = x, y = f(x), we have similarly 


Pere [vi t7? Was, 


L' (x) = VIFF%@ = VI ty? = a/ 1+ (Z). 


Formula (6) which is independent of the choice of the para- 
meter ¢ shows that the differential of the length of the arc is equal to 
the hypotenuse of a triangle in which the sides adjacent to the right 
angle are equal to the differentials of 
the coordinates of the points of the 
given curve. Therefore when ¢ = x, 
the differential of the arc of the 
curve in transition from the point 


0 ma <« éno % 7 
Fig. 38. Fig. 39. 


M(x, y) to the point NV (x + Ax,» + Ay) (Fig. 39) is expressed in 
terms of the length MT of the section of the tangent at the point M 
to the given curve between the straight lines parallel to OY, which 
have the abscissae x and x + Ax respectively. 


Any curve which is expressed in the given interval by equations 
of the type (2) and has a definite length, i.e. for which the limit 


L = lim L(T) 
UT) +0 


exists in the sense in which we have often described it, is said to be 
rectified in the given interval. It evidently follows from what is said 
above that every section of the circle (2) can be rectified provided 
the functions ? (¢) and (¢) have continuous derivatives in this section. 
Such a curve can evidently be rectified also in any subinterva 
(a, t)(a < # < B) of the interval («, B)-and its length in this suinterval 
is a continuous increasing function of ¢; therefore, conversely, a defi- 
nite value of the parameter ¢ corresponds to every value of L(t); this 
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follows from equation (2)and difinition of a point on the given curve.: 
In this case ¢, and therefore also x and y, are continuous functions of 
L(t). For such a curve we can choose a length A ofa section of this curve 
as the parameter determining its points from a certain point onwards. 
which is once and for all accepted as the origin for every other point 
on the curve. A definite point («, y) on the curve corresponds to each 
value of A such that the coordinates x and y.of the points on the curve 
become continuous functions of A: 


x= fi (A), y= fol); (7) 


this is evidently the parametric equation of a curve which is a 
particular case of the general form (2). In many cases the form (7) is: 
particularly convenient owing to the simple geometrical meaning of 
parameterA. Thus, for example, both derivatives 


sa dy 
(A) = = A : 
f'10) == and f= 2 
wee! iF 
of the coordinates with xeapect to the parameter A have, in this case, 
a simple geometrical meaning: If we assume that L = A, then it 
follows fram the relation (6) that: 


dx dx 1 yo dy 


—_— ~~. Se Se ie a es. =e 
dh Vie ta? Vity?’? ®” Vd ree V1 


where y’ = dyldx. If « is the angle formed by the tangent to the 
given curve at the given point and the positive direction of the OX. 


axis, then y’ = tan a and therefore eee 
dx ee dx 
= COS & =~ = sin @., 


These peincona can be seen directly from Fig. 39. 


The established definition for ‘rectification of a given section 
of the curve and also the. expression (3) for the Jength of this section 
evidently depend on the’ choice of the parameter ¢ ‘in the. initial 
equations (2). These concepts can alse have a purely geometrical 
definition which is quite independent of the analytical representation 
of the. given curve. On the other hand it can be shown that, 
provided some additional conditions are satisfied, the length of the 
curve (2) also becomes independent’ of the choice of the parameter’ t 
However, within the” ‘scope ot this course we cannot cee into these 
details. | . 
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- We have learnt above that every curve which can be expressed 
by- an equation of the type (2) can be rectified-in the given interval’ 
(«, 8}, provided the functions ¢ (f) and 9(t) have continuous derivatives: 
in this interval. In practice one frequently meets the case when such’ 
an assumption cannot be made with regard to the curve but when 
the interval («, 8) can nevertheless be divided’ into a finite number 
of subintervals, in each of which this assumption can be made 
(for example the contour of a polygon). In future we shall agree to* 
call such a curve smooth in the interval («, 8)*). 


It can readily be shown that every smooth curve can be rectified. 
In order to prove this, let us assume for the sake of simplicity that 
one “‘singularity” always exists, which corresponds to the value 7 of” 
the parameter f (the general case evidently creates no other difficul- 
ties), so that it is known, to begin with, that the given curve can be 
rectified-in each of the subintervals («, 7) and (t, 8); let its lengths’ 
along these sections be equal to L, and L, respectively. « Let T be an: 
arbitrary division of the interval (¢, 8) and J’ a division resulting 
from the division T when the point t is added as a point of division: 
In that case the broken line ,4’ which corresponds to the division T* 
‘consists of two broken lines 4’; and 4’, which respectively corres- 
pond to the divisions of the subintervals («, +) and (+, ®); since the 
curve can be rectified in these subintervals, the lengths of the broken 
lines 4’, and 4’. are correspondingly close to L, and Ly, provided 
the division. is sufficiently fine, and therefore the length of the broken 
line 4’ is close to L14L,. -But the length of the broken line 4 which 
corresponds to the division Z_ differs from the length of the broken 
line 4’ only insofar as the sum of two terms of the latter, which 
can be as small as we please, is replaced by a single term, 2.e. the two 
sums differ from one another by..as little-as we pleasc. Hence the 
length of the broken line 4 differs by as little as we please from the 
length of the broken line 4’ which, in its turn, is very close to L,,l», 
provided. the division is sufficiently fine: But this means that the 
given curve can be rectified in the interval («; 8) and its length is. 
equal to Ly4L5. 


*) This is evidently equivalent to the case when the curve can be expressed’ 
by equations ofthe type.(2) in the interval (#,8), where -o(ty and W(t) are conti- 
nuous everywhere while 9’(#) and ’(¢) exist and are continuous everywhere 
except at a finite number of points ; at each of these “‘singularities” the function 9() 
(as well as the YJ ()) has a derivative to the right . as well as to the left, but these- 
derivatives may have different values, as 
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Integrals can be evaluated along curves which can be rectified 
(and, in particular, along smooth curves) in the same way as along 
straight lines. Let it be given that the given rectified curve is 
expressed by the equations (7), where the functions f; and f/f» are 
assumed to be continuous. Let us take as origin one of the ends of 
the section of the given curve in which we are interested and denote 
by LZ the length of this section, so that the parameter A varies from 
Oto L along its length. Let us divide the interval (O, L) into 
subintervals by means of the following points of division 


O=A< A <<... KAHL, 


and denote the subinterval (A;,-1, Ax) (I< & < n) as well as the length 
of this subinterval by ,. 


Let F(x, ») be a function of two variables defined at all points 
of the given section of the curve. Select an arbitrary point 
A¥ (Apa << A*, < Az) and assume that x, = fy (A*x), Ye = fo (A*2), 
so that (x;,, y,) isan arbitrary point on that section of the given curve 
‘which corresponds to the subinterval J, along which the parameter 
‘A varies. Let us construct the sum 


n n 
Y) Fle ae) = WFLA aS a OeMe 
k=1 k=1 
If the function F[f, (A), fe (A) ] is integrable*) in the interval 
({O, L), then the sum on the right-hand side of the last equation has 


the following integral as its limit, provided the division becomes 


indefinitely fine : 
‘ L 


| FLA OF: @)1 an. 
0 


By denoting the whole interval (O, L) of the given curve by C, this - 
integral can be written in the form 


| F(x, 9) dA 
GC 


and is said to be an integral of the function F (x, y) along the curve C. 


*) This will always be so if F (x, y) is continuous at all points on the given 


curve (cf. also §88) so that F[ fy (A), f2 (A) ] is a continuous function of 4 in the 
nterval (O, L). 
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Integrals taken along smooth curves occur frequently in 
practical applications. As simpler typical examples of this kind we 


shall consider in §54 problems connected with mechanical character- 
istics of plane curves. 


§ 53. Lengths of arcs of curves in space 


Evaluation of the lengths of curves in space is so similar to what 
has been said in the previous paragraph in connection with plane 
curves that we can restrict ourselves to giving the fundamental 
definitions and results only. 


1°. Ifthe section AB of the given curve can be expressed by 
the equations 


y=fil¥), 2=fel(x) (@€<% < 3d) 


and if the functions f(x) and f,(x) have continuous derivatives in 
the interval (a, 5), then the section AB has a definite length which is 
equal to 


b 
L= | V1 +9? + eP dx = [visre (x) +f’? (x) de. (1) 


a a 


2°. In general, if the section AB of the given curve can be 
expressed by the following parametric equations 


x=o(t), y= v(t), z=yx(t) (« St <8), (2) 


where the function ¢ (¢), }(¢), x (¢) have continuous derivatives in 
the interval («, 8), then the section AB has a definite length which is 
equal to 


8 
pe | J/o™) Fo?) + 77 Hat (3) 


3°. If we denote by L(é) the length of the section AB of the 
curve in the condition 2°, which corresponds to the subinterval («, £) 
‘of variation of the parameter (a < ¢ < 8), then 


Li) =VP2) +07 (t) + 722) 


and 


dL = Vdxi + dy + dz. 


242 A COURSE OF MATHEMATICAL ANALYSIS 


In particular, when we have the conditions 1° 


4°. The curve (2) which has a definite Jength along the section 
AB can be rectified along that section. If the section AB of a conti- 
nuous curve can be divided into a finite number of parts, along each 
of which the curve satisfies the conditions 2°, then the curve is said 
to be smooth along that section. Every smooth curve can be rectified. 


5°. Accurve which can be rectified can be expressed by equa- 
tions of the form 


x= P(A) y= (A) 2 = % (A), (4) 


where A is the length of the curve from a fixed origin to the point 
(x, y, Z)» In this case 


dx ' — Gy, igen 2: a 

cae = 9'(A) = cos @, aA (A) = cos B, oF ae. (A)=cos Y, 
where «, 8, Y are angles between the positive direction of the axes of 
coordinates and the tangent to the given curve at the point (x, , z) 
drawn in the direction of increasing values of A. 

6°. Ifa curve which can be rectified is given by an equation 
of the type (4) and the function F(x, y, z) is continuous along the 
section C (A; <A <A,) of the curve, then the integral 

Ag 


| Flea), 90), x2@)1 40 

Ay 
is said to be “‘the integral of the function F (x, y, z) along the curve 
C”’ and it denotes 


| F (x, y, z) dn, 
C 


§ 54. Mass, centre of gravity and moments of inertia of 
a material plane curve 


1. We consider a section C' of a smooth plane curve given by 
the following equations : 


x= 9(A),y =A), (1) 


where A is the length of.the arc of the curve taken from the beginning 
of the given section so that when the point (*, y) runs along the 
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section C, A increases from 0 to a number L which represents the 
length of the whole section under consideration. For the sake of 
brevity we shall in future denote the “point A” of the given curve 
as the point (x, y) which corresponds to the given value of A. 


We assume that a mass is distributed along the given section of 
the curve (“‘material curve’’). Let M(A) dencte the mass distributed 
between the points 0 and A on the given curve and let the function 
M (A) have a continuous derivative M’ (A) = pe (A) in the interval 
(0, L). While considering a rectilinear section in § 27, we have agreed 
that p (A) should be called density of the mass at the point A on the 
given curve. The arguments which we used at the time in support 
of this terminology also remain valid in the general case (if, as we 
assume, the curve is smooth). Formerly we had to restrict ourselves 
to rectilinear sections only, because at that time we were not acquaint: 
ed with the general concept of the length of an arc. 


Hence we shall call the quantity p (A) density of the mass at the 
point A on the given curve. Since 0 (A) = M’(A), therefore, 
conversely 


nN 


More [ ew du 


0 


(the lower limit of integration is so chosen that M (0) = 0). If we 
want to determine the mass 


M (Ay, Xo) (0 < Ay < Aa < L) 


in the subinterval (A,, A,) of our curve, we find that 


Xe 


M (A,, Ag) = M (A) — M (Aj) =| e (u) du= | o(x, y)dA. = (2) 
dy C 


This formula expresses the mass of an arbitrary section of a 
material smooth curve which is at every point given in terms of the 
density e(A) of the mass. 


2. If we have a system of a finite number n of material points 
situated in one plane, whose masses are respectively m, tp,..., My 
and their coordinates (*3, 91), (Xo. ¥ea)> «+ +5 (%ny Jn), then the coordi- 
nates of the centre of gravity of this system are, as we know, 
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n n 
> MEX Ie > Mir 
pat | pee ies ae (3): 
n : aoe ’ : 
x my, =m, 
k= k=1 


k=1 


Let us now assume that the mass is not centred at individual 
points but is continuously distributed along the interval (0, L) of the 
smooth curve (1). We shall try to give a comprehensive definition 
of the centre of gravity of such a system and find a method for 
evaluating its coordinates. 


Let us divide the interval (0, Z) into arbitrary parts (‘‘subinter- 
vals’”?) by means of the following points of division 


O=mA <A, <.. SAAZEHL (T) 


and assume, for the sake of brevity, that A, —Apz_1 = Az (1 Ck <n’. 
Let the density of the mass at the point A on our curve be equal to 
0(A) (0 <A <L); we assume, as before, that the function ¢ (A) is 
continuous along that interval. According to formula (2) the: mass 
of the subinterval A; is equal to 


Ak 
My = | e (A) dA, 
Ap-1 
and it follows from the mean value theorem (§ 51) that 


mp =e (A*z) An, 


where A*,, is a point in the subinterval A,. If the subinterval A, is 
very small, we can imagine it to bea material point of mass m,, situ- 
ated at the point A*, on our curve. If we perform this replacement 
along every subinterval of the division (7), then our material curve 
will, as an approximation measure, be replaced by a system consist- 
ing of n ‘material points; the masses and the coordinates of these 
points will respectively be equal to : 


my =e (A*s) Ai, ¥E = 9 (A*x), pe =U (A*,) (LSE <a), 
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and it follows from formula (3) that the coordinates of the centre of 
gravity of this system will therefore be 


n MN 
_ os pA") 2 (A*,) Ap Ns) Db (A*,) Ak 
Oe aaa ce 
& p(A*;,) Ay = p(A*;) Ax 
k=1 ; k=l 


As the division (7) becomes indefinitely fine, the constructed 
fictitious system consisting of a finite number of material points 
resembles more and more closely our material curve. We therefore 
naturally assume that the coordinates (x, y) of the centre of gravity 
of the given material curve will be respectively equal to the limits of 
the number x (7) and y (T), provided the division (7) becomes in- 
definitely fine. This evidently gives 


L 
[emema [ xe dn 
pe Uk, cles 
L ’ 
femaa [omae 
0 C 
ee 
[eread [ ve 0x 5) aa 
ee (4) 
[ema J eG») a 
0 Cc 
or, denoting by 
L 
M = | e (A) da 
0 
the mass of the whole given interval, 
L 
x= P| p (A) p (A)dA = in| xe(x, y) dA, 
0 C 


L 
= qf eM IM) ar= Ff sels») a 
0 C 
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If our interval is physically homogeneous, i.e. if p(A) =p 18 a 
constant ae its length, then the formulae (4) give : 


_ 1 
ze A= ote — | da. 5 
= zal abe y fea =p eal (5) 


Let us — return to the mechanical system which consists of 
a finite number of material points. Let my, mg, ..., mM, denote the 
masses at these points and 1, 79,... .. , 7, their distances from an arbi- 
trary axis (or from a definite point). The sum 


n 
y) MrT 
k=] 


is called moment of inertia of the given system with respect to the given 
axis (or point). Ifthe points of our system are situated in one plane 
and have rectangular coordinates (x), 71), (%9) Va)s .e++ (nals 
then moments of inertia with respect to the OX-axis, the OY-axis 
and the origin O are respectively equal to 


n on n 


K,= ye MD py Ry = Y) mx? ho = » my (x? _ + yx) 
k=1 k=1 k=] 
Let us now assuime that instead of having a’ system composed 
ofa finite number of material points we have a material section of 
the curve (1) which we have considered above. 


Maintaining all previous notations and repeating all arguments 
with whose help we obtained a definition for the coordinates of the 
centre of gravity of such a section, we readily obtain the following 
natural definitions for its moments of inertia with respect to the 
OX-axis, OY-axis and the point O: 


L 
K.= | ey dr=[ sto (9) a, (6) 
0 G 
L 
Ky = | Ae ay ara | xte(x, sar 
0 CO! 
b 
Ko = | 0) [9 A) +9? @] AA = [ Gs eGs 9) a. 
0 C 
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Example. Let us find the coordinates of centre of gravity of 
a homogeneous semicircle x? + 9»? = a® (y 20) and also moments of 
interia of this semicircle with respect to the diameter joining its ends. 
In view of symmetry it is evident that x = 0; therefore we have only 
to find y and K,. Denoting by A the length of the arc of the semi- 
circle as counted from one of its ends we can write the equations of 
this curve in the form 


x = acos—, y = asin — (O <A < na). 
a 


It therefore follows from formula (5) that 


TA 


r 2 
ai oes [asin = a= — 4. 
ma a T 
0 


On the other hand, formula (6) gives: 


Ta 
A w 
— 2 sin? — A = a - 
h | ea sin* — d 7 9a 
0 


$ 55. Capacities of geometrical bodies 


As a rule, evaluation of capacities of geometrical bodies requires 
more complicated analytical methods than those which we have learnt 
to use so far. We shall consider this 
problem in detail later (Chapter 27). 
However, many problems can be com- 
pletely solved with the help of simple 
integration and we shall now consider 
such problems. 


Z 


Let us assume that we want to cal- 
culate volume of the body represented in 
Fig 40. Let us select an arbitrary rect- 
angular system of coordinates OXYZ in 
space and let us agree to call the coordi- Fig. 40. 
nate z as “‘height”’ of the point (above the 
plane XOY). The plane z = A (where h is a given arbitrary real 
number) generally intersects our body forming a definite plane figure. 
We shall assume that area of this “section” is known to us (or 
we can evaluate it in one way or the other) for every value of h: 
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This area will in general be different for different values of f; it isa 
function of h which we shall denote by s(h). The special class of 
problems which we shall now consider is characterised by the fact 
that the function s (4) (the area of the cross-section of the body at the 
height A) is assumed to be given and it is necessary to use it for 
expressing the volume V of the given body. 


Let us at first assume that the given body is a right cylinder, 1.e. 
all its horizontal sections when projected onto the XOY-plane result 
in the same figure (Fig. 41). If this figure is a circle, then we are 
dealing with a right circular cylinder whose volume, as we know from 
elementary geometry, is equal to the product of area of the base and 
height. We shall naturally try to adapt this rule to apply to the 
general case when the base of the cylinder is of an arbitrary shape *).° 

We therefore accept that volume of any body in the shape of a 
right cylinder is equal to product of the area of the base of this 
cylinder and its height.**) 


Let us now consider the general case (Fig. 40). Let the lowest 
point of the body be situated at the height a and the highest point at 
the point b. Let us divide the interval (a, 5) 
arbitrarily into several parts (subintervals) by 
means of the following points of division : 


aQ=h<h<ihg<.. <hy=d (T) 
and let us select ineach subinterval 
(A p-ts An) = Ax 
an arbitrary point 2; such that 


hey SZrSme (Il Sk <n). 


Fig. 41. The family of planes z=/; (k=O, 1,..., n) 

divides the given body into horizontal “layers” 

whose thicknesses are equal to Ay, =/h; — h;-, of the corresponding 
subinterval. If this value is very small, then the volume v, of the k-th 
layer will be approximately equal to the volume of a right cylinder 


*) From a logical point of view we evidently find ourselves again in the usual 
situation : the concept of volume of a body, except for a few cases considered in 
elementary geometry, has not yet been defined and it is our first duty to give a com- 
prehensive general definition. 

**) This assumption is analogous to the assumptions made earlier in connec- 
tion with velocity of uniform motion, work done by a constant force, etc., when We 
were solving the respective problems. / 
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-of height A, whose base is equal to one of the sections of the body 
within this layer, e.g. to the section of the body at the height z,. 
Since area of this section is equal to s (z;), the volume of this right 

‘cylinder is equal to s(z,) Az; hence we can assume approximately 
that 


Uy = S (Ze) An 


and consequently 


fl N 
V= Vu =) 5 (Zz) Ax; 
k=1 k=] 


these approximate equations will naturally be more accurate as the 
-division (7) becomes finer; we therefore assume as usual that by 
definition 


n 


V = jim S (z x) An 
(T)—>0 


provided, of course, the above limit exists and is independent of the 
- chosen system of division and choice of the points z; along the sections. 
But, as we know, this always holds, provided the function s (h) is con- 
tinuous in the interval (a, 6); therefore in this case 


d 
V= [ saan (1) 


a 


'This formula solves our probiem and defines the general concept of 
volume of a body witH the given cross-sectional areas ; it also gives a 
definite method for evaluating this volume. 


Example 1. Let the ‘given body be a pyramid of height H, 
- whose base is an arbitrary polygon of area S. We know from ele- 
mentary geometry that the cross-section of this pyramid at the height 
.h represents a polygon similar to the base whose area is proportional 
to the square of the distance of this section from the vertex of the 
pyramid, 7.e. proportional to (H—A)?. 


We therefore have in this case : 


s(h) = k (H — hy, 
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where é is a constant which can readily be found from the condition 


s(Q) =S: 


and therefore 


& oS Bem A? 
s(t) = 7; (H — WP = (i- x): 
Formula (1) gives us the following expression for volume of the- 
pyramid 


: A? 
v=s| (1 - +) dh. 
0 


The substitution 1 — A/ H = u gives 


l 
V= Ss 
a 2 


We can thus see how easy it is to obtain with the help of integral 
calculus the formula which can otherwise be deduced with much 
greater difficulty by using the methods of ele- 

(O---" - - = mentary geometry. All arguments and results - 
remain fully valid if the base is not a polygon 
but any plane figureof area S$. In particular, 
for a cone of height H, whose base is a circle of ” 
radius R, we have the following known formula 


7 RH 
V=- ze 
Fig. 42. Example 2. Let the given body be a 


sphere of radius R, the heights 4 of whose cross- - 
sectional areas are measured by their distance from the equatorial 
plane (Fig. 42). It can be seen from the diagram that the radius r- 
of the section at the height A is equal to 
raf Re Rh? 
therefore the cross-sectional area is 


S(h) = ar? = et R? — PP), 
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and the volume of this sphere as obtained from formula (1) is 


R R R 
V = [a(R M8) dha re ah | h?dh = : 7 R°, 
—R —R —R 


Example 3. Let the section a < x < 6 of the curve » = f x) 
revolve about the OX-axis *) ; let us find the volume V of the body 
obtained as a result of this revolution (Fig. 43). All cross-sections of 
this body which are perpendicular tothe OX-axisare evidently circles. 
A section by the plane x = h(a </h < bj has, in this case, a radius. 
equal to f(h) and therefore its area is equal to =[_f(A)]®. We therefore 
obtain from formula (1) : 

' 


Lae |urvor dh. 


Let us also consider evaluation of the surface of the body result- 
ing from the revolution described in example 3 ; we must remember 
that we have so far not defined the general concept of the surface of a 
curved figure, and we must therefore begin by giving this definition 
(at least for bodies resulting from revolution). For this purpose let 
us perform the usual division T of the interval (a, 6) with the help of 
the following points of division " 


A= Ky ey So... OH, = 8, 


which corresponds to the division of the given section of the curve into: 
n parts by means of the points [ x; , f(x,)] (k = 0,1, ..,n). Join 
each pair of adjacent points of division [x;-1, f(* r-1)], [ (wa, fra) 
by a rectilinear chord whose length is equal to 


ly —= V(x, — Xn)? 4 Lf (# i) <3 f (x mal 


As the broken line formed by this chord revolves about thc OX-axis, 
the area S* of the surface resulting from this revolution can be re- 
garded as approximately equal to the required area S of the surface 
resulting from the revolution of the given section of the curve. Itis 
obvious that S* will be closer to S as the division 7 becomes finer ; 


we therefore assume that 


S == lim S* 
1(T) > 0 


and proceed to find an analytical exprcssion for S. 


*) We assume, for the sake of simplicity, that f(x) > 0 (a<x< 6). 
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We note in this connection that if the chord |; revolves about 
the OX-axis, it describes a cut cone (Fig. 44) whose generating line 


Fig. 43. Fig. 44. 


‘is equal to /, and radii of the bases /(x,-,) and f(x;) respectively. 
‘The side surface of this cut cone is equal to 


Sy = 7S x-1) + f(xx)] Le 


-Let us assume that the function f(x) has a continuous derivative in the 
anterval (a, 6). It then follows from Lagrange’s theorem that 


SF (% x) — Sf (% x1) =f’ (Ex) (*_ — Xp-1)s 


-where «4-4 < En < %4 ; therefore if we assume, as usual, for the sake 
of brevity, that x, — x4-7 = Az (1 <k <1), we obtam: 


I,=V1+f7(Ex) Aw 
-and therefore 
Se=n[flrin) + fled) V1 +f’? (Ex) Ans 
thence 


n 


St = V5, =e Vif) + flee VI + 72 GQ ae 
‘k= k=] 


=2n Pi fn) VIF F2E) Ax + 
k=1 


+e DLs) + fle) — 2fE MV 1 FFE) Ae 


k=] 
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As [(T) —> 0, the first term on the right-hand side tends to the limit. 


given below, since we have assumed that the function /’ (x) tends to. 
the limit 


b 
an [soy V1 + S26) de 


‘Therefore if we can prove that the second term on the right-hand. 
side tends to zero for [(7) — 0, then existence of a limit for S* will. 
be established and we have : 


b 
S = lim S* = 2n | f(x) VIF FE) a 
\(T) > 0 


But it follows from the uniform continuity of the function f(x): 
that no matter how small ¢ > 0 we have for every sufficiently fine: 
division T : 


Lf (nad + flex) — 2f Ex) | <e (1 Sk <a), 


and consequently 


Yi fea) +4 lex) — 2F EOD VIF SFE) Ax] < 
k=1 


where ZL is the length of the given section. This evidently proves all. 
that was required. 


If we assume, for the sake of brevity, that /(x)=y, then we can 
write the following formula for the side surface of a body resulting. 
from revolution as obtained above : 


b 
s =n |» V1 $5" ae. 


a 


For exercises in connection with § 55 cf. Problem Book by 
B. P. Demidovich, Section IV, Nos. 183-185, 192, 195, 199, 200, 228. 


CHAPTER XV 
APPROXIMATE EVALUATION OF INTEGRALS 


§$ 56. Problematic setup 


We have already met various definite problems of practical im- 
‘portance, whose solution involves evaluation of integrals. We must 
now probe further into what is meant by “finding” or “‘evaluating’’ 
an integral. If we are given the integrand and limits of integration, 
then the integral takes a definite numerical value ; it is finding of 
this numerical value which represents the problematic setup. When 
the numerical value of the integral can be expressed in terms of 
-symbols generally used in mathematics (for example 5/7, «/2, 7/4, 
sin (0.5), etc.), ‘“‘finding’’ of the integral evidently implies its expres- 
sion in terms of these symbols: However, most of the real numbers 
-cannot be expressed in this final and simple symbolic way and we 
must therefore consider the possibility that our’ integral will be one 
such number. Numbers of this kind can only be approximately 
‘written, for example, in the form of decimal fractions with a definite ~ 
number of accurate decimal places. Therefore finding of integrals 
-evidently involves their approximate evaluation with a certain degree 
of accuracy. If, for example, we succeed in finding an instrument 
with whose help our integral can be represented as a decimal frac- 
tion with a preassigned number of accurate decimal places, we can 
say that our problem is solved in principle, for the term “evaluation” 
generally implies nothing else ; by the way, if the integral can be ex- 
pressed “‘exactly” by one of the symbols mentioned above, then this 
form of expression only implies a certain definite instrument for the 
approximate evaluation of integrals ; thus if we find the given integral 
as equal to x’, this would enable us to represent (only by means of 
-geometrical methods for the approximate evaluation of the number 7) 
the given integral in the form of a decimal fraction with an arbitrary 
umber of correct decimal places. 


254 
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The instrument which enables us to evaluate the given integral 
approximately with an arbitrary degree of accuracy is derived from 
the definition of an integral. We have defined an integral as limit of 
sums of definite form in a definite process (when the interval of integ- 
ration tends to become indefinitely small). By subjecting the basic 
interval to sufficiently small divisions and constructing the sums men- 
tioned above for this division, we evidently obtain an approximate 
value of the integral with an arbitrary preassigned degree of accuracy. 
Hence, in general, a comprehensive method for evaluating integrals 
is already provided by its definition. And if, besides, we are looking 
for and keep looking for other methods leading to this goal, this is 
entirely due to the fact that the direct method cannot be prac: 
tically applied to most of the cases because of its technical difficulties 
and complexities. 


We have already said that the best method for which science is 
indebted for all its practical successes in this field is the method con- 
necting the concept of integral with the concept of primitive of a 
function and we have seen in several examples how easy is to use this 
method for solving problems of integral calculus. If we can find the 
primitive F (x) of the function / (x) in interval (a, 4), then 


b 
[ /@) a = FQ — Fa) (1) 


Hence evaluation of the integral in this case involves evaluation 
of two values of some known function. What is meant by the 
“known” function F (x)? In general, this can mean nothing but an 
instrument for finding the approximate value of this function with an 
arbitrary degree of accuracy. We have seen that in many cases this 
instrument is simple and convenient té apply and formula (1) readily 
solves our problem. What, then, is necessary to achieve success ? We 
know (§ 50) that every continuous function f(x) has a primitive. 
Hence formula (J) can, in principle, be used for evaluating an inte- 
gral of any continuous function. However, the knowledge of existence 
of the function F (x) is insufficient for this purpose : it is also necessary 
that this function should be known to us, i.e. we should be able to find 
its approximate value with an arbitrary degree of accuracy ; moreover, 
from a practical point of view it is also necessary that the method 
available for the approximate evaluation should be simple and con- 
venient, otherwise it cannot be used for practical calculations. This 
will always be the case when F (x) belongs to the class of ‘‘elementary”’ 


4 
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functions, since good methods for approximate evaluation are available 
for all such functions. 


However, except for a minority of cases (to which, fortunately,. 
belongs a fairly large class of functions which are very frequent in 
practice) the problem is more complicated. Differentiation of ele- 
mentary functions always results in other elementary functions ; how- 
ever, the position is quite different for integration ; elementary functions. 
always have primitives (since all elementary functions are in general 
continuous), but these primitives will no longer be elementary func- 
tions. We can give many examples of simple elementary functions 
whose primitives are no longer elementary : for example the function. 


L/inx,1/ 4/1 + x* and many others; wide classes of such functions. 
which we shall consider later, have been discovered by P. L, Ghebyshev. 
Let us assume, for example, that we want to evaluate the integral 
3 
dx 


Inx 
2 


= F (3) — F (2), (2), 


where F(x) is primitive of the function |/In x. We must at first 
evaluate Ff (3).and F (2). But how can we do this if we do not know 
a convenient expression for the function F(x) and also know in ad- 
vance that F(x) cannot be expressed in its final form in terms of 
elementary functions ? Formula (2) does not obviously help us to 
evaluate the integral since all that we know about the function F (x) 
is that it is primitive of the function | / ln x (which we know exists) ; 
we have at our disposal no other methods except the direct or indirect 
use of the definition of an integral. 


It follows from what has been said above that integration of 
functions can serve as a new powerful means for defining and study- 
ing other non-elementary functions. In each case when the elemen- 
tary function f (x) has no elementary primitive, its primitive 


x” 


| ftw) du = F (3) 


a 


represents a new non-elementary function; at first we only have the 
definition (3) to help us study this function, 7.e. we know nothing 
except that F(x) is primitive of the function f(x). Many functions 
which were primarily defined in. this way received outstanding im- 
portance in the course of scientific development; the properties of 
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these functions were studied in detail and tables resembling logarith- 
mic and trigonometric tables were constructed for many functions. 
This was the case with the function 


which we have considered above and which is usually dcnoted by 
Li(x) ; it is called the “intcgral logarithm’. 


If we now return to the approximate evaluation of intcgrals, we 
can see that this problem cannot always be solved by means cf pri- 
mitives, and therefore it is most important to find other methods 
which are more convenient from a practical point of view. These 
methods can be divided into two large groups: the methods of 
the first group are based on the original definition of an integral as 
limit of a sum and are perfected as far as possible so as to make them 
convenient for practical calculations; we shall consider in this chapter 
the simpler of these methods (which are sometimes called ‘‘mechani- 
cal quadratures’’) ; the second group contains methods based on the 
approximate substitution of the integrand by another function whose 
primitive is elementary and at the same time close to the primitive 
of the given function; these methods necessitate application of a 
much more complicated apparatus of mathematical analysis and we 
shall consider them later (section IV). 


§ 57. Method of trapeziums 


The method for the approximate evaluation of integrals, usually 
known as the ‘‘method of trapeziums’’, is well illustrated in Fig. 45, 
where we have chosen a very rough division 7 of the interval of 
integration (a, 5). Kctping to our usual symbols we find that arca 
of the shaded ‘“‘leader-like’’ figure is evidently equal to the “lower 


oo, 


sum 
n 

s(T) = )imAw 
k=] 


whereas the ‘‘upper sum”’ 
n 
S(T) = My Ay 
k=] 
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is equal to the area of the surrounding “‘ladder-like’’ figure which is 
obtained from the shaded figure by adding the rectangles bounded 
from above by the dotted line. It is evident that for this rough 
division of the interval (a, 6) both sums will differ noticeably from 


the integral 
b 


| fede, 


a 


which represents the area of a curvilinear trapezium and which we 
are trying to evaluate approximately. 


Let us join each pair of adjacent points of division of the 
portion of the curve y = f(x) by a rectilinear chord and consider the 
area § of the figure bounded from above by 
the broken line composed of these chords, 
from sides by the straight lines x = a and 
x = b and from below by the OX-axis. We 
can already see that even with our rough 
division JT the area S tends to come very 
close to the area of the curvilinear trapez- 
ium which we are trying to evaluate—in 
any case it comes much closer than either 
of the two “‘ladder-like” figures considered 

Fig. 45. above. Therefore it is by far the most con- 

venient to take S as the approximate value 

of the given integral instead of taking the upper or lower sums of the 

division T, particularly since, as we are going to show, the calcula- 

tion of § is no more complicated than the calculation of the upper or 

lower sums. We must, of course, keep in mind that Fig. 45 only 
illustrates but does not prove anything—this is so because it shows. 

only the positive part of the function f(x) whtch is always convex to 

the same side; however, the preferential use of S instead of the upper 

and lower sums which it illustrates remains valid in many other cases. 


As usual, let us denote by x, and A; the points and subinter- 
vals of the division 7 and assume for the sake of brevity that 


S(%x) = Ik (kK = 0,1,..., 7m). 


Let us also assume for the sake of simplicity that f(x) > 0 (a < «<6). 
The sum is sum of the areas of the rectangular trapeziums situated 
above the individual subintervals A, (hence the name “method of 
trapeziums”’); the trapezium, situated aboye the subinterval A,, has 
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height A; and bases y;,-; and y,/k = 1,2,..., 2) respectively ; its 
area is therefore equal to 
Dea nas . 
and therefore 
i n 
S = =) (Sn-1 + Ie) Ar 
k=] 


If we want to obtain a definite degree of accuracy, we must 
naturally select a sufficiently small sub-division of TJ (with a sufficient- 
ly small /(7)); otherwise the choice of points of division x, remains 
arbitrary and this fact can be used to simplify the problem as far as 
possible. Since our formula necessitates evaluation of the function 
f (x) at all points of division, we must at first analyse the points where 
the values of the function f(x) will be the simplest; it may happen, 
for example, that this will be the case at all rational points or points 
which are multiples of x, etc. If there are such points, then it is 
evidently most convenient to select the points of division among 
them. If, however, the function /(x) is such that it has no preferen- 
tial points, then it is, of course, the simplest to divide the interval (a, 5) 
into n equal subintervals ; we thus have : 


pee a (l<k <n), 


and we obtain 


n 


n 
a= ae Mere to) =" 5 “(2s ee + Vi 9). (1) 
k=1 k=] 


This is the value which we accept as the approximate value of the 
given integral. It can be readily seen that formula (1) remains valid 
in the general case when nothing is given with regard to the sign of 
the function f(x). Naturally in order to assess the approximation 
given by this expression we must learn to assess the error incurred. 
We can see below how this is done. 


Replace the curve y = f(x) in an interval (a, 8B) (B-—a=A>0) 
by the straight chord y = /(x) which joins its ends so that l(a) =/(«), 
(8) =f (8). We shall try to assess the difference of the integrals 
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B B B , | 
| fe) dx — [ I(x) dx = { Fo) de as he 
o is 


Let us assume for this purpose that 


g(x) = (fee. aa (a <x < 8) 


and consider the function 
e(z) =f{z) — Liz) — a(x) G— a) — 8B), 


where x (and therefore also g(x)) is assumed to be constant (7<x*<f). 
We evidently have 9(«) = 9(8) = 0; but it follows from the defini- 
tioa of g(x) that (x) = 0, as we can readily see. Hence the 
function 9(z) vanishes at the points «, B and x (@ < x <'f); let us 
now assume that the function f(x) has a second continuous derivative 
in the interval («, 8) ; the function ¢(z) will evidently also have this 
property. Applying Rolle’s theorem to this function in the sub- 
intervals («, x) and (x,8) we find that ’(z) vanishes twice in the 
interval (a, 8); the second application of Rolle’s theorem (to the 
function 9’(z)) shows that the function ¢”(z) also vanishes at a point 
— in the interval («, 8). But since /"(z) = 0, therefore 


0 = 9" (6) =f" (e) — 2g(x) 


and consequently 


from which it also follows that f” (&) is a continuous function of x. 


We therefore find that 


fe) — 10) = +f" © —a)lx — 8), 


and this means that 


e : 
[70 ak ie) +f) Re > ie (E)(x — a(x — B) de. 


Since the function (* — a)(x — 8) does not change its sign in the 
interval (x, 8) and f” (&) is, as we have seen above, a continuous 
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function of x, it follows from the mean-value theorem ($51) that the 
right hand side of the last equation can be written in the form 


L- ape — a3 as 
zI'H [e-oe-pae-P EG, 


where & is an interior point of the interval (a, B®). We therefore find: 


8 


¢, Ie) 3 = 
[rye LOFO po Bp gy 


a 


Let us now return to the subintervals (xp-1, x,) (1 <A <n). If the 
subintervals are equal, we have 


o= = wf) =rarf/@) =wA =", 


and the formula obtained by us gives 


Xk 

: Dea t+ De = — ( ae a)* oe, 
[ 70) dx — 70 (b—a) =— a5 ae tf es 
XE-1 


where xp-1 < fx <x (1 <A’ <n). Summing this equation with 
respect to k from | to n we obtain : 


b 
[fae — 8 =" 5 Vr ee, 
a k 


where SS is defined by formula (1). 


Let m and M denote respectively the smallest and greatest 
values of the function f” (x) in the interval (a, 6). Then we have 
forl <k <n 


m<f" (Ee) < M, 


and also 


n 
nm < a (E.) < nM. 
k=] 
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Hence the quantity 


is confined between m and M and therefore a point €* can be found 
between a and b for which 


re) = Pe we, 


k=1 


and we finally obtain the following expression for the error in the 
formula of trapeziums 


b n—I1 
b —_ n —_ 5 " x 
[fo de P= 8 4 Vy = 8 Pe ee. 
a k=1 


We can thus see that as n increases, this error decreases in general 
as an infintely small quantity of order 1 / n’?. 


For excercises to § 57 ¢f. Problem Book by B. P. Demidovich, 
Section IV, Nos. 272-274. 


§ 58. Method of Parabolas 


The method of trapeziums is based on the fact that the 
curve y= f(x) can be replaced (or, as is usually said, interpolated) 
by a straight chord (a linear function) in small subintervals 
Ax = (%n-1 %,). tis therefore natural to try to obtain as high an 
accuracy as possible by interpolating the function y= /(x) in small 
subintervals by means of polynomials of higher degrees and _ prefer- 
ably by means of trinomials of the second degree 


y= ax® + Bx -+ Y, 
which can usually be represented graphically as regular parabolas. 


Let us divide the interval (a, b) into an even number 2n of equal 
parts so that 


b—a 


aes 2n 


(<k <2n), 


APPROXIMATE EVALUATION OF INTEGRALS 263 


and assume, as before, that», = f(x,) (0 << k <2n). Let us take 
a pair of adjacent subintervals A 9;_, and A 2; andreplace the func- 
tion y = f(x) so obtaitted in the sub- 
interval (x »-2, x2;) by the parabola 


= 1x7 Cex + Vey (1) 


which passes through the points M, ,-» 

(%21-2)9' 2) Many (2x -13Jak=1)s M oi Xen 

Jez) Of the given curve (Fig 46). The 

coefficients «,, 8x, Y, can evidently be 

Fase Fek~4 72* * evaluated from this condition; we shall 
Fig 46 not need to do so this case. 


The method of perablas is based on the fact that in every sub- 
interval (x2 ,-2, ¥21) (kK = 1, ..., n) the integra] of the function / (x) 
can be approximately replaced by the integral of the correspondi 
parabola (1) : 


Pon 


ok 
| S (x) dx = [Ge x? + 6a ¥ + Vx) dx. 
KOK 2 X2I:—2 
But in view of +y,— Noy. == (b — a) |] nand x, = Xo,-2 = 2x2 4-1 WE 
obtain : 
ADK 


| (a, x2 + B, x + Yy)dx = 


X9n—2 
3 3 3 3 
Xop—- X22 . x 9p 
22 = 24. By, ARPES Viren — X2n-2) = 


=O) 
4 a { ety, (X2on—2 + Xan -2%0n-+ Xan) ae 38 .(Xex—2-+ 2x) a OY x} = 


aa ee (ChpX 94-2 +BuXon—2 +V x) + (4X7 0% + Bator tY x) + 


b—a 
+4 (005,47 o¢-1 + Baron—1 t Vx) } hie { yon—2+ Won—1t Ine} 
Hence the method of parablas gives us : 


X2K 


Fi 
| S (x) dem" { you-2t+4y2n-1t dent (< kK <n), 


X2h—2 
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and consequently summing for all subintervals 
b n 


: b—a 
\f 'x) dx -—-)) { Vor—2t 4 Yori ton} = 
a k=] 


n—1 


a 
b— 
at Yo + Jon +4 » Darr + 2 3 Jek : 
k=1 k=] 


Here, as in the method of trapeziums, the assessment of error 
incurred in replacing the given integral by its approximate value re- 
quires special investigation which constitutes an important calculative 
problem. ‘The calculation which is analogous to that performed for 
the method of trapeziums shows that in the case of parabolas the error 
generally decreases in inverse proportion to n', 7.e. much quicker than 
in the method of trapeziums. 


For exercises to § 58 cf. Problem Book by B. P. Demidovich, 
Section IV, Nos. 275 ~278. 


CHAPTER XVI 
INTEGRATION OF RATIONAL FUNCTIONS 


§ 59. Algebraic introduction 


We have seen in the previous chapter that the simplest method 
for evaluating integrals involves finding of their primitives ; we shall 
now return to this problem in order to enlarge applications of this 
method. In view of the facts described in § 56 we shall naturally try 
to consider a wide class of functions whose primitives are elementary 
functions. At present we only know one such class of functions, viz. 
polynomials whose primitives are always polynomials; other functions 
with elementary primitives which we have considereda bove are either 
isolated functions or very restricted families of functions. 


The class of so-called rational functions is very closely related 
to the class of polynomials. These functions are said to be rational if 
their value is derived from the independent variable (and constants) 
by rational operations (addition, subtraction, multiplication and di- 
vision) which can be repeated any number of times in any order. 
Hence division is only added to operations producing polynomials 
and this, of course, gives rise to the resulting development. We shall 
now learn to integrate rational functions (z.e. find their primitives). 
It is very remarkable in this connection that primitives of all rational 
functions are elementary functions. In general, these elementary functions 
will, of course, no longer be rational : we know that primitives of 
simple functions like 1 / x and 1 / (1+.+*) are transcendental. At the 
game time we shall also develop new methods for finding primitives 
of rational functions. 


All general methodes for integrating rational functions are based 
on their representation in a special form convenient for integration. 
This representation involves algebraic operations and has no direct 
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connection with methods of mathematical analysis. Therefore we 
must begin this chapter with an algebraic introduction. 


We know from elementary algebra that every rational function 
f (x) can be represented in a definite ‘canonical’ form 


LO ray (1) 


where P (x) and Q (x) are polynomials with no common roots. Such 
fractions are usually called rational fractions ; if the power of numerator 
of the fraction is lower than the power of its denominator, the fraction 
is said to be regular ; otherwise it is irregular. 


Ifthe rational fraction (1) is irregular, then using the algebraic 
method for dividing polynomials we can use simple rational opera- 
tions and represent our fraction in the form 


P (x) | R (x) 
Q (x) = 8S (x) =F Q (x) 2 


where S (x) (quotient) and R (x) (remainder) are also polynomials, but 
the power of remainder is always lower than the power of diviser so 
that the rational fraction on the right-hand side of the above equation 
is regular. Hence an irregular rational fraction can always be repre- 
sented as sum of a polynomial and a regular fraction. And since we 
can integrate polynomials, integration of irregular rational fractions 
becomes restricted to integration of regular fractions. We can there- 
fore only consider the case when / (x) is a regular rational fraction. 


In all methods for integrating rational fractions an important 
part is played by the roots of the denominator Q (x) of this fraction. 
If a real or complex number « is a root of the polynomial Q (x), then 
Q (x) can be divided without remainder by the binomial x—a, i.e. 


Q (x) = (* — a) Q* (x), 
where Q* (x) is also a polynomial ; if Q* («) = 0, we have 
Q (x) = (x —a PQ** (x), 
etc. If 
Q (x) = (x — «)FQ, (x), (2) 


where k > 1 and Q, (a) 4 0 (i.e. « is no longer a root of the poly- 


nomial Q, (x)) we say that the polynomial Q (x) has root « of multi- 
plicity . 
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Lemma 1. /f the real number « is a root of multiplicity k > 0 of the 
polynomial Q (x), we have identically 
P(x) Ae og P, (x) 
Q(x) (wm a)F  (& — a) Ft Qy (x) ” 


where A, is a constant and P, (x) a polynomial 


(3) 


The polynomial Q, (x) is defined in this case by the equation 
(2) (so that Q, (a) # 0), the number 4, is real, all polynomials have 
real coefficients and the fraction on the left-hand side can be regular 
or irregular. 


Proof. The identity (3) is equivalent to the identity 
P (x) — AyQu (x) =(x —&) Py (2); (4) 


which is obtained on multiplying by Q (x); the latter identity implies 
that the polynomial P (x) — A; Q, (x) can be divided by the binomial 
x — «; we know that for this purpose it is necessary and sufficient 
that 


P (x) — Ay, Qi («) = 0. (5) 
If we therefore assume that 
P (a) 
A, => 
: Qi () 


(remembering that Q, («) 0), then the equation (5) will be satisfied 
and the polynomial P (x) — A, Qy (x) will be divisible by x — a, 2.¢. 
we shall have the identity (4) and hence also the identity (3). 


If k > 2, then the rational fraction 


P, (x) 
(x — «a)** Qy (x) 


has the same form as the initial fraction P (x) / Q (*) ; applying the 
proved lemma to this fraction we obtain : 

Pa ABs ote, Ao pe PMA ois 

Q(x) (x—ayk © (x—ayet © (x @P* Qy (x) ” 
if k > 3, this process can be continued until the denominator of the 
last fraction on the right-hand side still contains the binomial x — « 
of an arbitrary positive power. Hence we finally obtain : 


A, P* (x) 
x—G& oy Qi (x) ; 


P (x) A; 4 Ayr Pees 


Oe) ~ Gaye * G0) 


(6) 
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where 4, ..., 4; are real numbers and P*(x) is a polynomial with 
real coefficients. 


In all these arguments we have assumed that the number « is 
real. Our arguments evidently remain valid. for every complex 
numbcr «, but the numbers 4; and the coefficients of the polynomials 
obtained are also complex. We did not consider and do not intend 
to consider integration of complex expressions ; ‘therefore when the 
root % is a complex number, we shall cxpand the given rational frac- 
tion by another method. 


If the complex numbcr « = 8 + iy (Y »¥ 0) is a root of multi- 
plicity k of the polynomial Q (x) (with real coefficients) ,then, as we 
kvow from algebra, the ‘‘conjugate’”’ complex number «* = — — ty 
will also be a root of this polynomial of the same multiplicity k. In 
this case the polynomial Q (x) is divisible by (x — «)* and by (x — «*)* 
and hence also by their product ; and since 


(x = a)(x — at) = (x = B+ 7% 
therefore we obtain : 
Q(x) = [(x — B)? + YF Q, (x), (7) 


where Q, («) * O and Q, (a*) * 0; the numbers B and Y and the 
sceennts of the polynomial Q(x) are evidently real. 


Lemma 2. Jf the complex number a = 8B + iy (Y »* 0) isa rootof 
multiplicity k of the polynomial Q(x), then identically 


PUN Bee Oe, 2 Gon Py (xs) : 
Qe) ~ Te et + ye 7 eer svt ga &) 


where B;, and Cy are constants and P , (x) ts a polynomial. 


The polynomial Q, (x) is here defined by the equation (7), the 
numbers B,, Cy, and the coefficients of the polynomial P(x) are real 
and the fraction on the left-hand side can be regular or irregular. 


Proof. For the sake of brevity let us assume that 
(x — a) (x — oF) = (x ~— B)? + ¥? = g(x). 
The identity (8) is equivalent to the identity 
P(x) — (Bux + Cx) Qi (*) = g(x) Pi (x), 


which owing to the arbitrariness of the polynomial P, (x) is, in its 
turn, equivalent to the condition that the polynomial on the left-hand 


INTEGRATION OF RATIONAL FUNCTIONS 269 


side is divisible by q(x), i.e. by x — « and x — «*; butforthis purpose 
it is necessary and sufficient that 


P(a) — (Bye + Cr) Qila) = Pla*) — (Bea* + Cr) Qi (a*) = 0, 


or 
Pe 
mr ea 
*iC,= jas ae 


Hence we have a system of two equations of first degree with 
determinant « — «* = 2i¥ ~ 0 for the evaluation of the unknowns 
B,,and C,, and we can therefore always dctermine these two nuinbers 
uniquely; it can readily be seen that in this case the expressions 
obtained for B; and Cy depend symmetrically on « and «* and they 
are therefore real. ‘This proves lemma 2 completely. 


Ifk > 1, then, as with a real root, the last fraction on the 
right-hand side of the identity (8) has the same form as the initial 
fraction on the left-hand side. We can therefore apply the same 
lemma. Continuing this process we find, as before, that if the poly- 
nomial Q(x) has a complex root « = B + 1¥ (Y ¥ 0) of multiplicity 
k and if the polynomial Q,, (x) is defined by the identity (7), then the 


following identity holds : 
Br- 1% + Chen Byx + Gq regi 


P{x) Byx + On PR-1e On 
a Gee ae PP aa oO 
where g (x) = (« — 8)? + 7, By, Ba, .., Bu, Cy, Ca,..., Cy are 


real numbers and P*(x) is a polynomial with real pochicients. 


We shall now make the following gencral remarks in connection 
with the identities (6) and (9) ; if the left-hand side of either of these 
identities is a regular rational fraction, then the last fraction on the 
right-hand side will also be regular; this can readily be proved if we 
assume that the variable x incrcases indefinitcly; we can then see 
that all terms of the polynomial except P*(x)/Qj,(x) tend to zero; 
it follows from the identity that the last fraction must also tend to 
zero and it is possible only if the fraction is regular. 


We are now able to convert every regular rational fraction into 
the ‘“‘canonical’” form which is convenient for integration. The 
denominator Q(x) of this fraction, like any other polynomial with 
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real coefficients has, in general, several different real roots %1, &., 
.. %, and several pairs of conjugate imaginary roots By £774, 
Bo tiVs,..., Be tives; every real root *m occurs a definite 
number of times k,, (1 < m <r) and every pair of imaginary roots 
6, +7, is of multiplicity 7, (1 <n <5). We know from algebra 
that 


Q(x) = a(x — Pk (x — eine wi (Xe ay (x — 6, — iy,)o x 


xX (*— Bi t+ iy,)4 ee (KO 3, —iy,)!* Ce eee iy yf = 


= af fe — en) PP —eyetl”, a0) 
m=] n=1 


where a ¥ 0 is a constant. 
f 


Applying the formula (6) to the given function P(x) /Q(x) we 
obtain : 


Pe) AM 4 AM AM, Py (x) 
/ Q(x) (era) omy) ay x Oy TO)’ (11) 


where 4,, A,, ... Az are constant real numbers, 


Q,(x) =a al (x#~ ain) # ny ll [(*~- Ba)? + Ya?) 
eae 


n=] 
and the last fraction on the right-hand side is regular. 


But the fraction P, (~)/Q, (x) is of the same type as the given 
fraction P (x) /Q(x) and we can again expand it in accordance with 
the formula (6) applied to the root «4, say; then we obtain : 


PAO) AM 4, Pa 
Qt) Goa tt gta tay | 02 


where 


Q».(t) =a il (x — Om) ®m Il [a= Bn)® + Vo \es 
3 n=] 


m fang 
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and the last fraction is again regular. Substituting (12) in (11) we 


obtain : 
P (x) = AM, AM, Ang A®), Po (x) 


Pi. Goa OOP ae, Ga ee Oe): 


After repeating this process 7 times (for all 7 real roots «,,) we 
evidently obtain the identity 


Pn A te A oe A 
Q{x)  ( — a) (s— oy) tS em oy 
AM AM ea 
(x — de), 
Aly. AM, 4 A”, P* (x) 
par ett ee omy 


(x —a,)*, © (x — Oe) 


+ 


(13) 


where the last fraction is regular and its denominator 


AY 


Q* (x) =a} J [( — Pa)? + Ya] 


n=] 


has only the imaginary roots B»-k?Y» of the initial denominator Q (x). 
Therefore the “separation” of real roots as expressed by formula (6) 
is no longer applicable to the fraction P* (x)/Q”* (x). We shall now 
naturally apply the process of ‘‘separation” of imaginary roots as 
defined by formula (9) to this fraction. Similarly we shall in this 
case obtain the following expansion for real roots by applying 
formula (9) s times 


P* (x) BO xe + CMH BO aE OO 
O*(x) [@-BP 40a BP + yy 
BO 1 x + Cp BO, x + CM, 
[ (« — Be)? + 7%, ]' es (x — Ba)* + ¥’, as 
BOs et OMe BO et GOS) | P(x) 
+ [ (x a B.)? + y?, | eee (x — Bs) + y?, Q** (x) 5) 


where the last fraction on the right-hand side is regular; but since all 
roots of the initial denominator Q(x) have been used and Q** (x) has 
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no other roots, we must necessarily have P** (x) = 3. Substituting 
the above expansion of the fraction P* (x) /Q* (x) in (13), we obtain 
the final expansion for the initial fraction which we can write in the 
following condensed form : 


S$ dy 
P Ay (m) By™ + CM 
ry oon ema th be mpyetra  8 


m=\lu= n=l1v=1 


We were trying to obtain this expansion of the regular rational 
fraction P (x) | Q (x); we have proved that it is always possible; at 
the same time it is also unique : at all stages of the successive deter- 
mination of the numbers A,'™, By'™ and C,' we have found that 
their determination is unique. However, the. above method for 
successive determination of coefficients of the expansion (14) is not 
usually the simplest method. It is generally easier and more 
symmetrical to use the so-called method of ‘“‘undefined coefficients’. 
We write the expansion (14) with undefined A,'(™, B,“™ and C,™ and, 
in disposing of all fractions, multiply both sides of this relation by 
Q(x). Asa result we obtain the given polynomial P(x) on the left- 
hand side and on the right-hand side another olynomial whose co- 
efficients, after comparison with similar terms,. evidently contains the 
unknown numbers A,, By and C,™ and, as can readily by seen, 
are linearly dependent on these numbers. 


Since the resulting equation should be an identity, the 
cofficients of similar powers of x on the right and left-hand sides 
should be equal. Comparing them with each other in pairs, we 
obtain a system of equations of first degree for the unknowns 
A,™, B,'™ and C,™, with whose help these numbers can be deter- 
mined ; we know in advance that this problem has a unique solution. 
It can be readily seen that the number of equations of the system is 
equal to the number of the unknowns. In fact, let us assume that 
the power of the polynomial Q(x) is equal to VW. On multiplying 
both sides of the identity (14) by Q(x) we evidently obtain a poly- 
nomial of degree W—I on the right-hand side; on the left-hand side 
we have the polynomial P(x) whose power is not greater than V—1; 
since the fraction P/ Q is regular. And since a polynomial of degree 
N — 1 has N coefficients, a comparison of coeflicients on the right 
and left-hand sides gives us a system of V equations. On the other 
hand, the number of the numbers 4,°" (l <m<rl<u< kin) 
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: 
is equal to » km; similarly the number of the numbers B,™ is equal 
m=1 
S 
to » !, and the same applies to the number of the numbers C,'”). 


n=1 
Hence the total number of the unknowns is ee to 


Lae Bas 


but the éxpansion (10) of the polynomial Q (x) into ‘linear factors | 
shows that’ this number is exactly equal to the power N of the po- 
lynomial Q (x). Hence the number of the unknowns is, in fact, always 
equal to the number of linear equations obtained. 


Thus in order to write the expansion (14) irrespective of the 
methods by which it was obtained, it is always necessary to know all 
roots of the polynomial Q (x) andtheir multiplicity. This is an algeb- 
raic problem which we cannot always solve, but we must nevertheiess 
assume that this problem is solvable before proceeding with integra- 
tion of the given rational fraction. 


Example. ‘he fraction 
et 2 
Ceeih (ae oh)? 


can, according to formula (14), be represented in the following form: 


a ET A i _ Pet fe Bae aa 
(x—1) (x? -1)? x— (x?+- 1)? wet ? 


multiplying both sides by (x — I) (x? + 1)? and comparing similar 
terms on the right and left-hand sides we obtain : 


2x-+2=(A+B,)x?+ (C,—B,) 8 +(24 +B, +B,—C,)x? + 
+(C, - Bi +C, - Ba)x+(A—C_—C,). 
Comparing the corresponding coefficients with one another on 
the right and left-hand sides we obtain the following system of equa- 
tions : 
A+ B,=9, C, -- B, = 0, 
244+ 8,4+ B, - CG, = 0, 
C, + C, — B, — B, = 2, 
A—C,— CG, = 2; 
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this system can be readily solved and we obtain : 
A=1, B, = — 2, C, = 0, B,=— 1. G,=—l. 
Therefore 
2x + 2 ] 2x x+l1 


QS ————_- i *§ EF Sli To 


(x — 1)(x? + 1)? x—] (x?+-1)? et 


§ 60. Integration of simple fractions 


Formula (14) introduced in § 59 shows that integration of any 
regular (and hence also any irregular) rational fraction involves 
integration of a series of rational fractions of a special kind which we 
shall call simple fractions. Simple fractions can be divided into two 
types : fractions of the type 


A 


(x—a)* ? 


where A and @ are constant real numbers and uw a constant natural 
number, are called fractions of the first kind, and fractions of the type 


Be+C 
(apr +YP ° 


wher B, C, 8 and « are constant real numbers and »v is a constant 
natural number, are called fractions of the second kind. In this para- 
graph we shall learn to find primitives of functions for all simple frac- 
tions of either kind. With the help of formula (14) we shall then be 
able to say that we have learnt to integrate every rational function. 


1°, Simple fractions of the first kind. We directly find that 


A 
| as = Aln|x—a|-+ dZ, 


x—& 


where H is the constant of integration. Similarly when u > 1, we 
directly obtain 


Ad A 


—A 
“wa ena + 


This evidently concludes integration of fractions of the first kind. 
We can see that the primitives obtained as a result of this process are 
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either other simple fractions of the first kind (for u > 1) orlogarithmic 
functions for u = 1. 


2°. Simple fractions of the second kind. Let us at first assume 
that v = 1, 7.e. we are dealing with a simple fraction of the following 
type 

Be+C 
(x — Q)? + ye 
The substitution x = B + Y y (y = (x — 8) / Y, dx = Y dy) gives: 
hae 

| Bxe+C es B(B+Yy)+C 


(x—B)?+y? “J ¥*%(1+y?) oo 
= 2y dy ie ore [42 = 
l+y? 1+? 


=F In (1+ y?) + AEE arctan y + H= 


= Zin 114+(5F sah {+ 2Ere arctan (7S ) +H) 


Let us now assume that v is an arbitrary natural number. In 
this case the same substitution x = 8+Y » gives: 


_Bx 7 “aa Bie = 79) + ¢ 
ea (soe rte i PR a a ee 
_ &B [- 2y dy ,B8+C/( dy 
~ Bynee PC pyre” yteet | (19) e 
Here the first primitive on the right-hand side can again be 
found directly : 


wdy 1 aos 
reser yey. tome) Ue 7 


(we assume that v > 1, since we have already considered above the 
case when v = 1). Hence in order to solve the problem completely 
it only remains to find the primititive 


_{ @ | 
oo fa ee 


where v is an arbitrary natural number (for the moment we only know 
that J, = arctan y = H). With this view we shall now deduce the 
reduction formula which expresses /+, in terms of Jy for every natu- 
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ral v. ‘Hence by knowing J, we can find in succession J, J, etc. and 
generally J, for every 2. 


-.: We have: 
ee 1 eae 2) __ y2 
toa | apap ~ Pe OM 
bees ea Qyd 
<4) eye 0 


te last primitive on the ee -hand side, can tbe anteetored. by 
parts; knowing that ; jh Re : ' 


OY i tN 
Pag ol ye 
We obtain : <2 
[> way 2a | Do = 
ee ae Ge 


ee ae ae 
al ev ‘ Ts, 


and the equation (2) therefore gives us 


| 2v — | y 
y Eve ++ 20 dy a 2v(1 + 2) : (3) 
and in particular 
Se ae Seer ee | 
gy a a0 ee a a ae ty ie 


etc. Formula (3) is the required reduction formula; thus by deduc- 
ing this formula we can integrate simple fractions of the second 


kind. 


A comparison of results shows that the functions obtained by 
integration of simple fractions (and therefore also by integrating all 
rational fractions) can either be logarithms and arctangents or ration- 
al functions. ‘This also confirms the above expressed view that pri- 
mitives ofall rational functions are always elementary functions. 


Let us make one more interesting remark. At the beginning of 
our study of integration We have already-drawn attention to the fact 
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‘that the functions In x and arctan x are primitives of very simple 
rational fractions : 


ax dx 
|< eee Te i + Ae ae 


= arctan x + C. 

Now that we have completely developed the theory of integrat- 
ing rational functions, we can see that no matter how complicated 
the given rational functions be, their primitives can always be ex- 
pressed in terms of the following two transcendental functions: In x 
and arctan x. 


Numerous exercises for integrating rational functions by means 
of the method of indefinite coefficients can be found in the Problem 
Book by B.P. Demidovich, Section III, Nos. 174-190; the teacher 
should select about 3 or 4 problems. 


§ 61. Ostrogradski’s Method 


We have seen in earlier paragraphs that integration of rational 
fractions, where the roots of the denominator are known, does not 
cause undue difficulties, although it is often connected with rather 
lengthy calculations. M.V. Ostrogradski found an ingenious general 
method which can often simplify and shorten these calculations. To 
explain this method we shall have to revert to arguments used in the 
last two paragraphs. 


Let us assume again that P(x)/Q/(«) is a regular rational frac- 
tion and 


Q() =a] Je — a0) "FP eet red” (1) 


m=1 n=1 


We have seen earlier that it is possible to expand the fraction 
P(x) / Q(x) uniquely into simple fractions of the first and second 
kind by using the expansion (14) § 59 used for integration of the 
given fraction. In this case the position is as follows : 


The fraction of the first kind 
A 


ue ae 
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gives on integration natural logarithms for u = 1 and rational func- 
tions of the type 


le Adx A 
( 


x — a)¥ (uw — W(x 


—ayer + # (2) 
foru > 1. 


The position is slightly more complicated with fractions of the 
second kind 
BA GL. 
LB) ae ale 
Assuming that x = B +7 we obtain forv > 1: 


| Be + C de 
[(x — B)? + Y*]° = 


\e a | -- Uyl,, (3) 


where 


; |. DP 
eee ee a 

and A, and Uy are constants. On the other hand successive applica- 
tion of reduction formula (3) § 60 evidently enables us to represent 
the primitive J, as a sum 

= L (9) 

f, —= Vyly ns (1 4 y?)r} ? 

where Y, is a constant, L(y) is a polynomial and the last fraction 
is regular. Substituting this expression in formula (3) and returning 


on the right-hand side from the variable y» to the variable x we 
readily obtain : 


— Beto ete R (x) dK 
(Ce BP fe — By +o0| eae © 


where R(x) is a polynomial, co, is a constant and the first fraction on 
the right-hand side is regular. This is the position for v > 1; when 
v = | we have formula (1) § 60 in which there are no rational terms 
on the right-hand side. 


We now have a clear picture of the primitive of the fraction 
P/Q when expanded in accordance with the expansion (14) § 59. 
We can see ((2) and (4)) that the terms of this expansion in which 
u > | orv > 1 give on integration regular rational fractions with 
corresponding denominators 


(4 — m)#-2, [(¢ — Ba)® -b Y7a)?. 
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On adding all these regular fractions we obtain another regular 
fraction 


P, (x) 


Qi, (x)’ 


whose denominator is evidently equal to 


m= 1 n=1 


Qs () =] — om)” Pte — a +I”) 


This is the rational part of the integral of the given fraction 
P/Q. The second transcendental part will evidently consist of: (a) 
primitives of those terms of the expansion (14) § 59 in which u = 1 
and v = I, and (d) primitives of the second kind of the second term 
in formula (4). In all these cases the integrand belongs to one of the 
following types : 


A Beer Go... 
x — a? =e BE te SY? 


the sum of these integrands will therefore be a regular rational 
fraction 


where 
; 


Q. (x) =] Pe — & | Pe — 80)? + 77a. (6) 


m=1 n=1 


We thus obtain Ostrogranski’s remarkable formula 


P(x) _ Py fx) P, (x) 
J an) *~ = die * late & ) 


where the first and second terms on the right-hand side represent the 
rational and transcendental parts of the primitive respectively. Q(x) 
and Q(x) are respectively determined from the formulae (5) and (6) 
and the fractions P; (x) / Q; (x) are regular. 


The most remarkable feature of this expansion is due to the 
fact that it can be obtained by rational deduction without knowing the 
roots of the polynomial Q (x). In fact, we know from algebra that a root 
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-of multiplicity 4 > 1 of the polynomial Q (x) is a root of multiplicity 
k — 1 of the polynomial Q’ (x) ; if we therefore assume that 


Q (x) = a] & — an)*n J PC — Bn)* + 70 Tes 
m=1 n=1 ; 


then 


Q (x) =] Dean) PPB)? + Val? R(w) = Qa (4) RC), 


m=1 n=] 


where the plynomials Q(x) and R(x) have no common root. This 
shows that the polynomial Q, (x) is the greatest common diviser of the 
polynomials Q (x) and Q’ (x) and can therefore be obtained by the 
usual method for finding the greatest common diviser of two polyno- 
mials, z.e. by successive division. And since the formulae (1), (5) and 


(6) give: 

Q(x) = aQ (x) Qe (x), . 
therefore knowing Q (x) and Q,(x) we can find the polynomial Q »(*) 
by elementary operations. Finally to obtain the polynomials P,(x) 
and P, (x) we can differentiate the equation (7) : 


P (x) = Qi (x) P'; (x) —P, (x) Qi 4) i Es (x) 


Q) Q% @) a0 © 

According to formula (5) each root A of the polynomial Q, (x) 

is a root of the polynomial Q (x) and it follows from formula (6) that 
‘it is also a root of the polynomial Q, (x). If Q, (x) contains the 
binomial x — A of power k > 0, then Q’, (x) contains it also, but its 
power is k — 1, and it appears in Q, (x) in the first degree; there- 
fore the product Q’, (x) Q» (*) contains x — A of the same power & as 
the polynomial Q, (x): and since the same also applies to any root A 
of the polynomial Q, (x), Q’; (*) Q» (x) is divisible by Q, (x) without 


remainder, 2.¢. 


Q'1 (x), Qe (x) = Qi (x) S (x), 
where S (x) is a polynomial. We therefore obtain : 


Qi (x) P’, (x) —P, (x) Q'1( x) _ Qelx) Qi (x) Pi (x) — Qs (x) Py (x) Q,’ (x) 
Q*, (*) Qe (x) Q*1 (x) 
_ Qilx) [Qs (x) P' (x) —Pi (x) S (#)] _ Qs (*) Pr (e) —P, (x) S (x) 
Qe (x) Q*% (x) Qi (*) Qs (x) ° 


INTEGRATION OF RATIONAL FUNCTIONS 281 


and after multiplying by Q (x) = aQ, (x) Q.2 (x) the expansion (8) 


gives : 
P (x) = a[Qz (x) Py (x) — P, (x) § (x)] + aP, (x) Qi (x). (9) 


In this expansion the polynomials P (x), Q, (x), Q.(x) and S (x) 
are known to us; the highest possible powers of the polynomials P, (x) 
and P, (x) which we are trying to find is determined by the regularity 
of the fractions P, (x) /Q, (x) and P, (x) /Q, (x). Hence the polyno- 
mials P, and P, can be readily obtained from the relation (9) by the 
method of indefinite coefficients. It can be readily seen that in this 
case the number of the unknowns coincides with the number of 
-equations obtained and the solution of this system is guaranteed by 
the expansion (8). 


Hence all elements in Ostrogradski’s formula can, in fact, be 
-deduced rationally and their deduction requires no knowledge of the 
roots of the denominator of the given fraction. Thus, without 
knowing these roots, we can find the rational part of the primitive of 
the given rational fraction. 


For exercises on Ostrogradski’s method ¢f Problem Book 
B. P. Demidovich, Section III, Nos. 191-193. 


CHAPTER XVII 


INTEGRATION OF SIMPLE RATIONAL AND TRANSCER- 
DENTAL FUNCTIONS 


We have seen in the last chapter that all rational functions. 
have elementary primitives, and we have found a general method 
for evaluating these primitives. However, as soon as we go beyond 
the class of rational functions, existence of elementary primitives is. 
no longer a rule than an exception; therefore we can no longer 
construct general theories in the way we did in Chapter XVI. 
Nevertheless, algebraic irrational functions and _ transcendental 
functions contain fairly wide classes which give elementary functions. 
on integration ; these functions include rather simple functions which 
occur very often in applications; the methods available for finding - 
primitives of these functions are rather instructive, and we shall 
consider several important functions of this kind in this chapter. 
In integrating irrational and transcendental functions the so-called 
rationalisation method is of great importance if it is required to trans- 
form the variable of integration so as to convert the integrand 
into a rational function; if this can be done, we can regard our- 
problem solved in principle, since we can always integrate rational 
functions. 


§ 62. Integration of functions of the type 2 ( x; A/ ax oy). 
cx+td 

When we go beyond the region of rational functions, we find 
among simple functions some functions which besides rational 
operations involve extraction ofa root. Asan example of a very 
general function of this type we can take an arbitrary rational . 
function f(x) = P(x) / Q(x) from which a root of degree n is to be- 
extracted (where P (x) and Q(x) are polynomials); we must then- 

take an arbitrary rational function R (x, y) of the variables x and 


Q(x) ’ 


282 


goo 
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hence the following functions can be regardad as simple primitives of 
irrational algebraic functions 


[R x; 7 / P (x) dx, 

Q (x) 
where P (x) and Q (x) are polynomials, n > 1 is an arbitrary natural 
number and R (x, y) is an arbitrary rational function of two variables. 


However, among primitives of the type (1) there are very few 
which satisfy even the simplest conditions made with regard to the 
number n and the polynomials P and Q which can be expressed in 
terms of elementary functions. In this paragraph we shall consider 
the case when P and Q are linear binomials (and the number n is 
arbitrary); we shall see that primitives of this type are elementary 
functions which can be readily found. 


Thus we are trying to find the primitive 


[aban /eth ae, 

cx +a J 

where a,b,c and d are constants, and n is an arbitrary natural 
number. If we assume that 


fetta (2) 
cx +d 


then 
ax + b dt" — b ) 
=~ {7 = rd cr — ? f dt 
rae es ee o(t), dx (t) di, 


and therefore 


JR} “ Nae -| R {9 (t), t}'(t) dt. 


Since the function ? (t) (and therefore also its derivative ?’(#) is ra~ 
tional, therefore,on the right-hand side we are dealing with a pri- 
mitive of a rational function which can be expressed in terms of an 
elementary function of ¢; replacing ¢ by its expression (2) in terms of 
x we find the expression for the required primitive in terms of an ele- 
* mentary function of x. 


Example. We must find the primitive 
{ dx 
Site Vl tx 7 
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Since both radicals in the denominator are integral positive powers of 
the same radical 12/1] +x, this primitive belongs to the class which we 
have just considered above (n = 12,4 =b=d=1;0= 0). 


Assuming that 
W/l+x=t,- 
we obtains = #1? —1,de = 12t% dt 3/1 +x =H, 4/1 +2 =8, 
and the given primitive is transformed into 


p13 ‘dt 
12 aa ae ler: 


Rationalisation is thus complete ; we obtain 


12 [F% = 12] e <td +12[- a 


nes 


So ee ee eae ae 


Substituting here ¢ =1%/1 + x we obtain the required expression for 
the given primitive in terms of the initial variable x. 


For further examples to § 62 cf Problem Book by B. P. Demi- 
dovich, Section III, Nos. 211, 2!2, 215, 237. 


§ 63. Integration of functions of the type R (x, / ax*+ bx +c) 


If at least one of the polynomials P and Qin § 62 were of.a 
higher degree than the first, then integration in terms of elementary 
functions would have been possible only in a few isolated cases. We 
shall now consider a case which often oécurs in ‘applications when 
n = 2, Q (x)=1 and P (x) is a trinomial of second degree ax?+bx+e; 
we are therefore dealing here with a primitive of the type 


| R (x, V ax® + bx +c) dx, 


where R (x, y) is, as before, an arbitrary rational function of two 
variables. We will now show that it is always possible to rationalise 
such a primitive and this primitive must therefore be an elementary 
function. Thetransformation of the variable of integration necessary 
for this rationalisation differs in each case. 
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I°. Ifthe roots « and § of the trinomial ex? + bx + ¢ are real,. 
we have (assuming that x > a) 


Var bbe = Vv alee) B= (ee A/ U2; 


xo 


hence the integrand depends rationally on x and on the radical 


n/ 2e=? 
x—.a ’ 


and this brings us to the case considered in § 62; we know that 
rationalisation can be achieved by replacing the variable 


af sea = 
x —- & 


2°. Ifthe roots of the trinomial ax? + bx + care imaginary,. 
this trinomial preserves the same sign for all values of x; we are natu- 
rally assuming that it is always positive ; otherwise the value of the- 
radical would be imaginary for every value of x and the problem 
would become void. In particular, by assuming that x = 0 we can. 
see that in this case we must necessarilly have ¢ > 0 (the method 
which we are now going to describe always leads to the desired result 
for c > 0 irrespective of whether the roots of the trinomial are real or- 
imaginary). Assuming that 


V ax? + be +e — Ve 


x 


= t, 


we obtain 
ax? + bx +eo= (ix + Ve = Ox 4+ 2Vctx +e, 
ax +b=s=tx+2vVet, 


_b 2 vel 
ae ae, 


dx = ?'(t) dt, 


= (¢), 


Jae + bx fe=ix + Ve=tol)+ Ve, 
and therefore 


| Ro, / ax? + bx + Jax =| R(%0), tp(t)t++/c}o’ (t) dt. 
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Owing to the fact that the funccion ? (¢) (and therefore also its deri- 
vative ¢’(f) is rational, we succeed in rationalising the given primitive. 


In both cases the methods for transformation of the variable of 
integration were indicated by L. Euler and they are therefore known 
as Euler’s substitutions. 


Example 1. In the primitive 


Vx — a 
(a>0, |x| >a), the roots of the polynomial x? — a? = (x — a a + a) 
are real. Applying Eiler’s first substitution 


A/a =! 
x+a 


and assuming that x > a we obtain : 


x—~—a_, _ 1+Ff _— 4at 
coe Oe pe eee 
ee 2a 1 1 1 — ¢? 


Vaae ea a at 
V/ x* —a a/* 2 (x 4 a) 2at 
x +a 
and consequently 


2 os dt dt _,|1l+t 


l1+t 
But 
P+toVxta—Vx—-a_ 1 — ——,, 
}—¢ oa eee ag\V xta + / x—a) zs 


1 eee eee 
ere la / x* — a), 
and therefore . 
r=In(xt+ Vxei—a)+C; 
when x < —a we obtain similarly : 
I=I1n|x + Vx — a} tC. 


Example 2. In the primitive 
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-a* < 0 and we can therefore apply Euler’s second substitution : 


2 oS gh ae Ee 
V x + a a =f, J xt + qt = xt + a, 


x 


-and we obtain: 


2at wea bd] 
2at? 1 t? 
J xt + a =poatena 4. 


cand therefore 


dt 
r=2[-S,=m 


tH 4 G=in(e + Vx? + at) +C. 


Example 3. To the primitive 


oo [—" 
va — oi 


either of the two Euler’s substitutions can be applied, However, in 
this case it would be simplest to substitute x = at; we obtain 


 — lar Se = arcsin t 4- C = arcsin — -++ C. 


For further'examples to § 63 cf. Problem Book by B. P. Demi- 
dovich, Section III, Nos. 219-222, 245-247. 


§ 64. Primitives of binomial differentials 


We shall now consider integration of a specia! class of algebraic 
functions; integrals of this type frequently occur in applications; 
however, the historical significance of this method is mainly due to 
the fact that it is one of the rare cases of the problem where integrals 
of the given class are elementary but not the functions of that class. 


A binomial differential is an expression of the type 


x%(a+bx3)" dx, 


where all three indeces «, 8 and Y are rational and a and 6 are 
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arbitrary real numbers. We shall find under what conditions the 


primitive 
I= | # (a+ bx8)* dx 


can be an elementary function. 


Let us assume that x8 = ¢ so that * 


1 1_y, 
weer. ee ee ae 
B 
We thus obtain 
a+ | i 
] “eo Y 
I t (a + bt) dt. (1). 


= 6B 
We shall now see that f at least one of the three numbers (xa+1)/8,. 


Y and (a + 1)/8 + Y ts an integer, then I ‘represents an elementary function. 
We shall also give a method for finding this function. 


1° Let Y be an integer. In that case the integrand in the 


a+ l 
primitive (1) depends rationally on¢ 8 and ¢; if 
a+ 1 m 
Bo on? 


where m and n are integers (n > QO), this integrand has the form 
R (t, 2/t), where R(x, y) is a rational function of two variables. The 
primitive J has the form considered in § 62 and it can therefore be 
expressed in terms of elementary functions. 


2°. Let the number («-+1)/8 be an integer. In that case the 


integrand in (1) depends rationally on ¢ and (a + bt)’; ifY = p/q, 
where p and g < O are integers, then this integrand has the form 
R(t, £/a+6t) and we have again a primitive of the type considered 


in § 62). 
3°. Finally, let us assume that (2 + 1)/8 + Y is an integer. 


The integrand in (1) can then be written in the form 


a 


t 


*\ We can assume that 8 >< 0, for the case & = 0 is evidently trivial. 
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and it therefore depends rationally on tand (a + dt) / tif Y = p/4q; 
If p and g > 0 are integers, then the integrand has the form 


a(8/EEHY 


and we have again the conditions considered in § 62. 


Thus our proposition is fully proved. P.L. Chebyshev has 
shown that the above conditions include all cases when the primitive 
of a binomial differential is an elementary function; if a@ and b are 
non-zero and none of the three numbers («+1)/8, Y and («4-1/8 +Y 
is an integer, then the primitive is never an elementary function. 
Unfortunately the proof of Chebyshev’s remarkable theorem is too 
complicated to be given here. 


For problems to § 64 cf. Problem Book by B. P. Demidovich, 
Section III, Nos. 252, 253, 260. 


§ 65. Integration of trignometrical differentials 


We shall now integrate some classes of transcendental functions 
and at first consider functions which depend rationally on the 
trigonometrical functions sin x, cos x, tan x, cot x, sec x and cosec x. 
Owing to the fact that all these functions can be expressed rationally 
in terms of sin x and cos x, we are obviously dealing with functions 
of the type R (sin x, cos x), where R(x, y) isa rational function of two 
variables. 


The primitive 
i= [2 (sin x, cos x) dx (1) 


always represents an elementary function. To prove this, it is 
sufficient to introduce the following quantity as the new variable of 


integration 
ae ie 
an (—-) =. 
2 


In this case by only taking values of x in the interval —x/2<x<7/2 


i 


we obtain 
2dt 
x = 2 arctan ft, dx = TER? 
2t 4 1-¢ 
— >. 75? cos * = 1 > 
sin 1 an 12 1 4. { 


290 A COURSE OF MATHEMATICAL ANALYSIS 


and 


1— ? 2dt 
1=.[ R(= ee ea. 


is the primitive of the rational function. 


Example 1. Find the primitive 


dx 
where 4? is an arbitrary positive number. We shall consider separa- 
tely the case when A? < 1, A? > land A? = 1. 


1) If A2 < 1, we can assume that 1 — A? = a, 1 + A? = B. 
Substituting in (2) we obtain : 


r= [2 I+ # =| 2dt 2 Bi 


arctan— 
z + 


r+ 1ff—- MU —e) ~ Jap pe mB 
— 2 1+ x 
+0 = oe arctan( 7 ja tan =) aoe 


2) If A? > 1, we assume that 1 — A? = —o7, 1 +A? = 


Substituting in (2) we obtain : 


_ dt Bt — a | 
iN age oe aB eta) to = 
x x or 
j ie) —¢ a pciicaar ak os 
© pane + 0, iV i+ tan + af 22] 


3) If A? = (1, the same substitution gives : 
di 1 
r=(G=- 7 tCe-oZ +a 


As a result of the substitution (2) the primitive (1) is rationali- 
sed in every case, which is very important as it shows that all primi- 
tives of the kind (!) represent elementary functions. However, this 
substitution is often rather difficult in practice and can be replaced 
by other simpler transformations of the independent variable. Many 
cases can be quoted when primitives of the type (1) can be rationali- 
sed by simpler substitutions like ¢ = sin x, ¢ = cos x or t = tan x. 
We shall consider some such cases. 
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1°. Ifthe function R(x, y) is odd with respect to y (2.e. it only 
changes its sign as y is replaced by — _y), the primitive (1) can be 
rationalised by means of the transformation sin « = ¢. In fact, in 
this case the function 


R (sin x, cos x) 
COs x 


(3) 


does not change when cos x is replaced by — cosx and therefore *) 
contains only the square of cos x; but cos? x = 1 — sin? x, so that the 
function (3) depends rationally on sin x = /. We therefore have 


R (sin x, cos x) 
COS x 


[Rc sin x, cos x) dx = cos xdx = | R* (t) dt, 


where R* (t) is some rational function of ¢. 


2°. It can be similarly shown that if the function R (x, y) is 
odd with respect to x, the primitive (1) can be rationalised by means 
of the transformation cos x = 1. 


3°. Finally if R (x,y) = R ( —x, —y), the primitive (1) can 
be rationalised by means of the transformation tan x = t. In fact, 
replacing everywhere sin x by cos x tan x we obtain a rational func- 
tion R, (tan x, cos x) of tan x and cos x so that 


R (sin x, cos x) = R, (tan x, cos x), 
and therefore 
R(— sin x, — cos x)=R, (tan x, — cos x). 


Since the left-hand sides of these two identities coincide, there- 
fore 


R, (tan x, cos x) = R, (tan x, — cos x), 


*) Weare using here the algebraic theorem: if R (z) is a rational function of z 
and R (—z) = R (z), then R(z) is a rational function of z?._ Proof. We are given that 
R(z) = R(—z) = 4 [R (z) + R (—2z)] 5 if R (z) is a polynomial, the right-hand 
‘side is evidently a polynomial with respect to z®* ; in general, let us assume that R(z) 
is equal to P (z) / Q (z) so that 


gee ee Q(—z) + Q(z) P(— 2) , 
Q(z) A(— z) 


both the numerator and the denominator are polynomials and they evidently do not 
change when z is replaced by —2z’; therefore, in accordance with our proof they are 
polynomials with respect to z?. 


R(z) + R(— 
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i.e. the function R, does not change when cos x is replaced by — cosx 
and therefore it only contains the square of cos x : 


R, (tan x, cos x) = Rg (tan x, cos? x) 
and hence also 
R (sin x, cos x) = R, (tan x, cos® x). 
Assuming that tan x = ¢ we obtain : 


dt 


2 = ————- 
cos* x pa E? 


ti pe* + arctan t, dx = 


and consequently 


P= | R (sin x, cos x) dx = | Ry (tan x, cos? x) dx = 


l dt 
= [2 ( ts ea) peg? 


and the primitive is, in fact, rationalised. 


Example 3. The substitution tan x = / gives: 


| dx =| =| Pome] +e= in |tana] +. 


sinx Cos x tan x cos? x 


We shall now consider in detail a very important type of the 
primitive (1), viz. primitives of the kind 


Tan: | sin” x cos” x dx, 


where m and n are integerss. Evidently if the number n = 2k + Lis. 
odd, we have the conditions considered above in 1°, and the substi- 
tution sin x = ¢ immediately rationalises the primitive (1); similarly 
if m is odd, the primitive is rationalised by the substitution cos x = i 
(case 2°); finally if both m andn are even or odd, we have the 
conditions described in 3° and the primitive is rationalised by the 
‘substitution tan x = ¢. As we know from above, in every case the 
primitive can be rationalised by the substitution tan x/2 = i. 
However, integration of the resulting function is often rather difficult. 
We must therefore look for other methods of integration; one sucli 
method which does not involve rationalisation is given below. 
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Integrating by parts when n + — 1 we obtain: 


Linx = | sin™ x cos” x dx = | sin”—! x (cos x sin x dx) = 


 om—1 n+1 —s l 
sin”™—* x cos x m : 
a ; ae sin™—2 x cos™t? x dx = 
n+ 1 n+ 
sin”! x% cos"t! x |. m—~ 1 
Poe ee or : ‘ i a a Lin—2; N+29 (4) 
n-+ 1 n-+ 1 
and similarly when m 4 — 1 
sin’”’t+1 x cos "1 x n— 1 ee 
Ling ae + —— | sin™? x cos"? xdx = 
m+ 1 m+ | 
sin™+1 x cos”—1 en n— | , (5) 
= -- m+25 n—2- 
m+ Nl m+ 1 2> 2 
But 
Ln Spsgey == { sin™—? x cos"+2 x dx = 


= | sin™—* x cos” x (1 — sin® x) dx = Im—oyn — Linn, 


and similarly 
Lint 2s n—2 °= Lis n—2 Lins n> 


consequently the formulae (4) and (5) give: 


sin™—! x cos™t! x m— 1} 
= z a een > 
sin "+1 » cos”! x n— 1 
— Se ates ees - + SS 9 1 msn 3 7 
Linn m+) m $1 Lm a2 ”) 


and therefore we naturally also have 


Fi sin ™-! x cost x m—1 I (8) 
mn ~—— m+n m+n m—29 n> 

I sin™+1] x» cos"! x n— 1 I 9) 
msn mtn m+n Mm) n—-2 


We have thus obtained a pair of reduction formulae which 
enable us to diminish either of the two indices in the primitive J, 9 
(so long as the otherindex is not equal to — 1 and m+n 0) by two 
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units while the other index maintains its former value. If both num- 
bers m and 1 are positive, then by successivelyapplying both formulae 
we can evidently express the primitive J, , in terms of any one of 
the primitives 19,1, 41,0, Lovo I,,, which can be evaluated directly. 


The reduction formulae deduced above enable us to obtain 
results easily when one (or both) of the numbersmand n are negative. 
To prove this we at first note that the reduction formulae (8) and (9} 
remain valid when m = — 1 and n = — 1, which we did not include 
in the deduction of these formulae (this can be shown by a simple 
differentiation); the only exception is the case whenm+n2=0. If 
we replace m by m+ 2in formula (8), we can express J m,n» in 
terms Of Imts,n)2.¢. We can raise the first index by two units if 
m-+n-+ 2-40; provided the same condition applies we can use 
formula (9) in order to raise the second index by two units. If 
m-+n-+ 2 = 0 (with the exception of the case when m = n = — 1), 
then either formula (6) or (7) enables us to find Jn, 3 since we have 
n-#~ — 1form-+n-+ 2 = 0, therefore by replacing m by m + 2 in 
formula (6) we readily obtain 


sin ™t1 x cos™tl x , 
, 


: m+ 1 


In view of these facts we can evidently obtain integrable integrals by 
applying successively the formulae (8) and (9)when m and 2 are nega- | 
tive. Note that we have considered the only exception /_,,-, in the 
above example. 


For problems to § 65 cf. Problam Book by B. P. Demidovich, 


Yd 


Section ITI, Nos. 215-297, 299, 261, 265, 283, 304, 
§ 66. Integration of differentials containing exponential 
functions 


1. Let us consider the following primitive 
P= freee Gide G20), (1) 


where P (x) is an arbitrary polynomial. Integrating by parts -we 
obtain : 
| 


] 
[= a P(x) — ee (x) dx. 
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This formula replaces evaluation of the given primitive by evaluation 
of another simpler primitive, since the power of the polynomial P ‘(x) 


is lower by unity than that of the polynomial P (x). Repetition of 
this method gives : 


PS =| P@—>P (x) + BPH {He 


The resulting series is discontinuons so that the derivatives of the 
polynomial P (x), from a certain order onwards, are identically zero. 
Hence all the primitives of the type (1) can be expressed by elemen- 


tary functions. 


We also note that the following primitives can be similary found 
; | sin ax P (x) dx, L= | cos ax P (x) dx («a ~ 0). 


In fact, integration by parts gives : 


h= 608 2 P(x) + ~| cos ax P'(x) dx, 
OL Ba 
Ip = — ad P(x) — ral sin ax P’ (x) dx, 


and successive application of these two formulae readily gives us final 
expressions for both primitives : 


3 


pet EE a TO te BOM 
06 x 1 a 
” (4) 
— P (x) — ae ale -_& a t+ C, 
: De 4) 
ha OS pe I _ wy Pw. 4. 
2 on a 


mm P (5) ( 
4.08 es — P(x) 4 x) 


a 4 


Here also both series are automatically discontinuous. 


2. Jet us consider the primitives 


Ais | e* cosbx dx. Ky = | e sin Bxdx (a -~ VO) 
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Integration by parts gives us : 


k,= + e* cosBx + P |e sin Bx da = = e cosAx +=h, 


re 
I p 
Ky =— e%* sin — — Kj. 
2 > in B x eo 
If we consider these two equations as a system of two equations with 
the unknowns K, and K, we obtain : 


i e* (8B sin Bx + acosBx 
Ky = Sib an is | Zech + C, 
_ ¢**(xsin Bx — f cos Bx) 
p= oc? + B? 

For problems to § 66 cf. Problem Book by B. P. Demidovich, 
Section III, Nos. 328, 330, 332, 333, 336. 


Ky ae 


CHAPTER XVIII 
NUMERICAL INFINITE SERIES 


§ 67. Fundamental concepts 


Every branch of accurate nature study contains chapters descri- 
bing the main concepts and laws of the given subject and other chap- 
ters devoted to the study of the subject ; these chapters must be learnt 
not so much in principle as in technique; nevertheless, their methodi- 

‘cal importance is often so great that study of the corresponding theory 

is often impossible without their systematic knowledge. Thus in the 
theory of heat we have chapters devoted to the measurement of tem- 
perature together with chapters dealing with theoretical problems 
1.€. practical methods for measuring temperatures. 


The theory of infinite series plays a similar part in relation to 
the fundamental concepts and laws of mathematical analysis, 2.¢. it is 
a technical apparatus, an auxiliary tool; also the numerous and 
varied applications of this apparatus are the basis of analysis and 
many applied sciences ; therefore the science of infinite series takes an 
outstanding place among contemporary mathematical methods and 
cannot be omitted from a comprehensive course of mathematieal 
analysis. 


The fundamental concept of the theory of infinite series is so 
elementary that everything connected with it could have been descri- 
bed much earlier in our course, for example, immediately after chap- 
ters devoted to the definition of limits and real numbers. We have 
postponed this subject for two reasons : we wanted to acquaint the 
reader as early as possible with the fundamental ideas differential 
and integral calculus ; we also wanted to connect the elementary 
-concepts of infinite series with later chapters in which their further 
thorough development is described and the reader is only now able to 
-understand this subject thoroughly. 


297 


298 A COURSE OF MATHEMATICAL ANALYSIS 


The concept of an infinite series is very simple and completely 
expressed by summation of the following decreasing geometrical 
progression with which the reader should be well-acquainted from 
the high school stage : 

CP) ee | (I) 
where 0 < }7| < 1 and a isan arbitrary real number. The sum of 
the first n terms of this progression 


n—1 
a—ar™ 
= Ie 
i ar*® = : 
2 3 l—~r 
k=0 
when n— oo tends to the limit 
hes ee ie ee 
n> « DF 


a 
Hence in the case of a progression the summation of ‘‘all” terms of 
some infinite numerical series is carried out as follows: the sum Sa 
of the first n terms of the given series is constructed (it is evidently a 
function of n) and the behaviour of this sum for n —> 00 is then in- 
vestigated. If at the same time s,, tends to a definite limit s, we can 
naturally assume that s is the sum of “‘all’’ terms of this series. 


A decreasing progression is, however, not the only series of this 
type. ‘Thus, for example, the series 


1 ] | ] 
Lege 2.3? 3.47? °C? win tay” (2) 


has exactly the same properties. In fact, since 


— 
—_ 
pa 


therefore we have for the series (2) : 


= Dees - 2) + 9-3) + G4) + ~ 


1 l 1 
ee ge 
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and consequently 


lims, = !. 
n—0©o 


We have said above that a/ (1 — 1) is the sum of “‘all”’ terms of 
the progression (1); we can now say for the same reason that sum of” 
‘fall’ terms of the series (2) is equal to 1 and we can write : 


It is clear that every series cannot be summed in the manner 
described above. Thus for the series 


a (an ee 


we have s, = n; when n — %, the sum s,, increases indefinitely and 
therefore cannot have a limit ; the same phenomenon can take place- 
when s, is bounded ; thus for the series 


Pe Ae ae, 


5, is equal to O or 1 depending on whether the number a is odd or- 
even; when n—> ©, the sum 5, remains bounded but does not tend 
to a limit. 


We can now formulate general definitions. Let us assume that 
we are given an infinite sequence of real numbers 


as Users Al gyscues (3): 


We assume that 
n 
Sa = Dl up GS Ay 2a); 
k=1 


and call the sum 5s, as partial sum of the series (3). If the limit 


lim Ss, = 5 
na @ 
exists, we say that the series (3) is convergent and the number s is its. 
sum; if, however, the partial sum s, does not tend to a hmut for 
n -> 00, then the series (3) is divergent and has no sum. 


The concept of sum of a convergent series and sum of “all” its: 
terms appears to be self-evident, but one must be cautious; it must 
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be remembered that sum of an infinite series is not constructed like 
a finite sum, but an entirely new operation, that of limiting process, 
is involved in its construction ; therefore the properties of finite sums 
cannot automatically be extended to sums of infinite series without 
first testing them ; we shall see later that this extension is not possible 
in every case. 


If the series (3) is convergent and its sum equal to s, we can 
write 


@ 


gs VP) uy = ay top te Ht te 
= 1 
ifs, > + oo for n> oo, this is sometimes written as 


foo) 


Yur = + 0; 
k=] 


but it follows from the general definition that in this case the given 
series is divergent and has no sum. 


Sometimes the following notation is used: uw, + uw. +... + 
fo =) 
+ unt... or va u, irrespective of whether the given series is con- 
k=1 


vergent or divergent. For example, we say that the series 
foo) fae] 


] 
rE ELD is convergent and the series ») (—1)* divergent (cf. 
fae k=1 


above examples). 


If the series (3) is convergent, the difference rz, = 5 — 5, between 
its sum and partial sum is called remainder of the given series; it 
follows from the definition of convergence that 


tn > 0 (n —>o0): 


the remainder r, of a convergent series is an infinitely small quantity for n—co 
(a divergent series has, of course, neither a remainder nor a sum). 
Since 


$= ty + Ug +... F Un + Ungy fH ..-, Sp Uy + Uy +... + Up, 
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therefore we naturally expect that 


fea) fee] 
Mn = S — Sp = Unty Hoe + Untet = > Untk = » uj. 
k= l=n+]1 


This equation which is obvious for finite sums caniiot be extended to. 
infinite series without proof. However, the proof happens to be very 
simple ; if we assume that 


Tr 
bs te (ry = 1, 2,...), 
k=! 


then evidently o, = 5,4, — 5,3; and owing to the fact that s,4,—s for 
x— co and n is constant, o, has a limit equal tos -- 5, = 7, for r— 03 


co 
but by definition the limit of co, is the sum of the series y Ce te 
k=! 
therefore this series is convergent and its sum is 7,, which was to be 
proved. ‘Thus if the series (3) converges, we have for every n > 1 
S =S5n + Tn 
where 


Sy = Uy fb Ug +o. Un Tn = Unda + Untg Toe Hb Unte Ho. 


It follows from our definition of convergence of the series (3) 
that this convergence is equivalent to the condition that the squence 
of partial sums 


St So oor g Sing eee (4) 


should tend to a definite limit s which in this case is said to be the 
sum of the series. Hence the sum and convergence of the series (3) 
depend on existence and magnitude of the limit of the sequence (4). 
Thus infinite series can be expressed in terms of sequences and their 
limits. But it can be readily seen that the relationship between series 
and sequences is mutual. Let us assume that we are given the 
sequence (4) of arbitrary real numbers s, and that 


uy = 51; Un = Sn — Sn-1 (2 > 1); 
we then evidenty have 


Uy + uy + ... + Un = Sp im eee 
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and existence and magnitude of the limit of the sequence (4) depends 
entirely on convergence and sum of the series (3). 


This elementary relationship between sequences and infinite 
‘series can often be conveniently used to apply propositions proved for 
one of these subjects to the other without additional proof. In § 19 
(theorem 2) we have proved the following necessary and sufficient 
‘condition for existence of a limit for the sequence (4) : in order that 
the sequence (4) should have a limit it isnecessary and sufficient that 
the following condition be satisfied: no matter how small « > 0, 
‘we should have | spi» | < © for every sufficiently large n and p > 0. 
But if the numbers s, are the partial sums of the series (3), we have 


an) 


Suto — Sn = Unty F Unt +. + Unto = bi Un +k» 
k=] 


and, on the other hand, existence of the limit of the sequence (4) is 
‘equivalent to the convergence of the series (3); we thus arrive at the 
following necessary and sufficient condition for convergence of series. 


Theorem 1. Jn order that the series (2) should be convergent it ts 
necessary and suficient that the following condition be satisfied : no matter how 
small ¢ > 0, | tat +unrg +... + Unsp | < & for every sufficiently large 
in and for every p > 0. 


This condition can be picturesquely expressed as follows : the 
absolute value of every sufficiently far removed ‘“‘part’’ of the series 
(irrespective of the length of this ‘‘part’’, z.e. of the number of terms 
of the series it contains) should be as small as we please. Thus when 
ip = 1, it follows from this condition that | u,| < ¢ for every conver- 
gent series (3), provided n is sufficiently large; in other words, we 
thave : 


Corrolary: Jf the serves (2) is convergent, then uy, —> O for 
n-> 00. 


In the examples of divergent series which we have so far con- 
sidered uw, does not tend to zero for n —» 00; therefore the question 
may arise whether the condition u, > 0 (n — oo) which, as we have 
just shown, is necessary for convergence of the series (3) is also suffi- 
cient for this porpose. It can be readily shown that this not so. In 
fact, let the series (3) be constructed as follows: At first u = 1 is 
taken ;:then two terms (uw, and uw 3) each of which is equal to4 follow; 
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then follow three more terms, each of which is equal to 4; this is con- 
tinued ad infinitum. It is then obvious that on one hand u,, — 0 for 
n—> o. On the other hand, the “‘part’’ of the series consisting of the 
terms 1/k contains, by its construction, & terms and is therefore equal 
to unity. And since k can be as large as we please, the “‘parts’’ equal 
to unity will eccur in the constructed series as far removed as we 
please. The condition of theorem | is not satisfied and the series (3) 
does not converge. 


A classical example of this kind is provided by the very instruc- 
tive “harmenic’’ series 


l 1 l 
] 4+. oa + = + eo ee -{- nh + ce eg (5) 
the condition u.,—> 0(n — o) is satisfied, but the “part’’ of the 


series 
Qk+1 


ie 


n= Dk+1 


contains 2*+! — 2 = 2* terms, neither of which is smaller than the 
preceeding term which is equal to 1/2*+!; therefore this “‘part’’ is 
greater than 


get peed 
2 k+l 2 2 
and since we can select each “part”? as far removed as we please 
(the number & being arbitrarily large), the condition of theorem 1 is 
again not satisfied and the series (5) is divergent. 


Infinite series, like other general concepts, need more details for 
their full development; their full meaning can only be interpreted by 
considering more or less specialised classes of series which are charac- 
terised by individual properties. In this paragraph we are studying 
the concept of infinite series in its most general form and _ there 
remains something besides to say. 


Let us assume that we are given two series : 
ly tte t..+-tunt-.-; 
Vp~_ tet... font... 


In that case the series 


(uy + v3) + (ug +02) +--+. + (Un ton) +... (6) 
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can be regarded as the result of “term-by-term” addition of the two 
given series 7.¢. an addition where each term of the first series 1s 
added to the corresponding term of the second series. Let us assume 
that both series are covergent. Let us denote their respective sums 
by s and o and partial sums by s, and o, so that 


Sn S, o,—>6 (n > a). 


In this case the sum of the first n terms of the series (6) will evidently 
be equal tos, +o, andtend to s+ o for n— oo; thus term by- 
term addition of two convergent series results in another convergent 
series and the sum of the new series is equal to the sum of the two 
given series. This rule evidently remains valid (and is proved by the 
same method) if the series are subtracted term-by-term. 

Finally, no radical change in our arguments will take place if, 
instead of two series, we take an arbitrary finite number of conver- 
gent series and construct an arbitrary algebraic sum with an arbi- 
trary combination of signs (which must naturally be the same for all 
terms). The series resulting from this algebraic term-by-term addi- 
tion of the given series will always be convergent and its sum will be 
equal to the result of the algebraic addition (with the same combina- 
tion of signs) of the sums of the given series.’ We thus arrive at the 
following proposition : | 


Theorem 2. Let the series 


©O c 


(oo) 
2 Uisks > Uoskr»se+ 5 y U mok 
k=] 


k=1 k=[ 


be convergent and their sums be respectively equal to Sy, Soy +. 09 00% 5 Smo 
Then the serves 


[oe] 


a (Uisk a Uosk + eee +t U my) 
k=1 


(where the same combination of signs is taken for each term) will also be 
convergent and its sum will be equal to 


Sz +See eve " S me 


It follows from this theorem that by changing a finite number of 
terms of a convergent series we cannot affect its convergence 
(although we are in general changing its cae ; in other oe the 
following result holds: 


NUMERICAL INFINITE SERIES 305 


Corollary. Jf in the series 
Uy + ug + eT Mai le Cates a (7) 
and 
Vy toe t.. tnt an + %-. (8) 
we have ; 
Unty = Units Unpa = Unies ve 5 Unik = Vigtes oo 


for n > O and if one of these series 1s convergent, then the other series is also 
convergent. 


In order to prove, it is sufficient to note that the series. (8) is 
obtained by term-by-term addition of the series (7) and the (conver- 
gent) series 

(vy — Uy) + (Ug — Mo) +... Hlong—u,) +04 04+... 

It obviously follows from the above corollary that if one of the 


series (7) and (8) is divergent, then the other series is’ also divergent. 


Another general property of numerical series is established by 
the following theorem : 


Theorem 3. Jf the series 
Uy tug te tunt.. 


is convergent and its sum is equal to s and ifa is an arbitrary constant, then 
the series 


Quy -+ aus + eee + aun + eee 
is also convergent and its sum ts equal to as. 


In order to prove this theorem it is sufficient to note that, 
denoting by s, and c,, the respective sums of the first n terms of the 
above two series, we should have o, = a5, for any n. 


For exercises to § 67 cf. Problem Book by B. P. Demidovich, 
Section V, Nos. 1-3, 5, 11-12, 14, 15, 21, 23, 24. 


§ 68. Series with constant signs 


We have already remarked above that in order to develop the 
meaning of infinite series thoroughly we must study specific classes of 
series characterised by special properties-which make them important 
and accessible for study. The history-of the development of the 
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science of infinite series has revealed that the most important class 
of this kind are series whose all terms have the same sign. There- 
fore we shall at first study series with ‘‘constant signs.” We shall 
always assume in such cases that all terms are positive (or, more 
accurately, non-negative, since, in general, it is useful to assume 
existence of terms equal to zero). It is obvious that series with nega- 
tive terms (or, more accurately, non-positive terms) will possess ana- 
logous properties owing to symmetry. 


If all terms of the series 
Uy tug+... tu,t... (1) 


are non-negative and if we assume, as above,. that 


yur = Sy. (Se Ty 2h ws), 
‘i, 


then we shall Sides have ee > Sy for alln D> 1, ne. the partial 
sums s, form a non- decreasing sequence. However, in this case 
there are only two possibilities as n > co: the sum 5, may increase 
indefinitely as 5, —> + ©, or it can remain bounded ; in the latter 
case, as we know, it should tend to a definite limit s; but the relation 
S_ — 5 (n—> ©) implies that the series (1) is convergent and that its 
sum is equal to s. Hence zn order that a series with constant signs should 
be convergent it is necessary and sufficient that tts partial sums should be 
bounded. In the general case when the terms of the series have diffe- 
rent signs this condition evidently also remains necessary for the 
series to converge; ltowever, it is no longer the sufficient condition as 
can be seen from the divergent series considered in § 67: 


; aS ck C21) ae 


whose partial sums are only equal to 1 or 0 and which are therefore 
bounded. : 


The condition established above gives us a very valuable crite- 
rion for convergence of series with constant signs; convergence and 
applications of many series occurring in analysis can be established 
by the direct or indirect use of this criterion. At the same time the 
above criterion is also valuable from a theoretical point of view; 
because of it the theory of series with constant signs becomes very 
clear and accessible and can be developed much further than the 
theory of series with variable signs, to which the above condition 
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cannot be applied. Its importance can be easily understood. We 
have found in our initial definition that in order to determine con- 
vergence of the given series we have to study the quantity s, as a 
function of n so as to find whether it tends to a definite limit for 
n-—» © ; the expression for s, in terms of n is often rather complica- 
ted and does not directly reveal the limiting behaviour of this 
quantity as n-> oo. On the other hand, it is often sufficient to 
assess roughly the quantity s, in order to confirm that it remains 
bounded for n + oo; if the series has constant signs, we -can. directly 
deduce that s, has a limit and the given series converges. 


Let is consider an example. It is required to find whether the 
series 


] 1 ] 1 
2 ea ee oe 


converges. The expression obtained for the sum of its first n terms 
is complicated and does not conclude as regards limiting behaviour 
of this quantity. However, since 


+ ose 


1 1 
Lan < FE (A = |, 2, ..., 7), 
therefore 
] l | ] ] 
i Te Sir a OS eT ae aa 


for every n > 1. Hence the quantity s, is bounded and the given 
series converges. 


The method used in the above example often enables us to 
determine convergence of concrete series. In its general form it can 
be formulated as follows: 


Theorem 1. We are given two series with non-negative terms : 
Uy tug tow Ug Ht ons (u) 
Vp tdet... ton + +3 (v) 
if a positive number c and a natural number no exist in this case such that 
Un S00 


for every n > no, then convergence of the series (v) implies convergence of the 
series (u) and, conversely, divergence of the series (u) implies divergence of the 
series (v). 


308 A COURSE OF MATHEMATICAL ANALYSIS 


This theorem is sometimes known as the. “‘principle of comparison 
of series’. 

Proof. It follows from corollary 2 § 67 that we can evidently 
assume without loss of generality that the inequality uv, < cn Is 
valid for all n; let us denote by s, and oc, the respective partial sums. 
of the series (uw) and (wv) ; we evidently have 5, <c¢o,n (n = 1, 2, ...)3 
if the series (v) converges, then the sums ¢, are bounded and there- 
fore the sum 5, is also bounded which in its turn implies convergence 
of the series (u). "Theorem 1 is thus proved. 

The principle of comparison of series established above can be 
applied not only to the study of definite series but also to the deduc- 
tion of many convenient tests of convergence which find frequent 
applications. We shall establish several such tests in the sequel.*) 


Test 1 (Cauchy). Jf a positive number r <1 exists such that 


i (ieee aaa 


J ty S? 
for all sufficiently large n, then the series (u) 1s convergent; if, however, values 
of n exist which can be as large as we please, for which 


WV Un 2 Is 


then the series (u) ts divergent. 
Proof. In the first case we have for all sufficiently large n 


ig ST 


and, according to theorem 1, convergence of the series (wu) follows. 
from convergence of the progression r + 77+ ... +7" +. .... In the 
second case we have uv, > 1 for an infinite number of values of n and 
divergence of the series (uv) follows from the corollary of theorem 1 
§ 67. 
In particular, if the limit 

lim </ uy, 

n-—> 
exists, the above test enables us to establish the following simple 
result s 


Corollary. If the series (u) has lim </u, = 1, then the series (u) is 
n-—> oa 


convergent for | <1 and divergent for 1 > 1. 


*) Up to the end of § 68 we have considered series which we assume to have 
non-negative terms. 
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In fact, let? <1 and «> 0 be so small that 1 4- « < 1; it 
follows from "/ tt, => | (n — oo) that ane < 1+ e¢ for all sufficiently 
large n and therfore, according to the test 1, the series (u) is conver- 


gent. If, however, 1 > 1, then </ u, > 1 for all sufficiently large 
n and, according to the test 1, the series (wu) diverges. 


In case lim (/ uz = 1, the above corollary does not enable us 
no 


to draw any conclusions with regards to convergence of the series (u). 
‘The fact that the series ({w) may in this case be divergent can be 
seen from the simple series 

I+l+..+14.... 
However, we shail soon see that the series (w) can also be convergent 


in this case. 


Test 2. (D’ Alembert). /fa positive number r <1 extsts such that 


Unry 


q7, 


; Un 


for all sufficiently large n, then the series (u) converges; if, however, for all 


sufficiently large n 
Unty >1 
Un : 


then the series (u) diverges. 


Proof. In the first case we have for all sufficiently large values 
ofn 


and generally 


Untk << Uyr® (k = I, 2, vor) 3 


hence, according to theorem 1, convergence of the series (uw) follows 
from convergence of the progression 


Unt + unr? +... f upre +... 


In the second case the terms of the series (uz) form, from a certain 
term onwards, a non-decreasing sequence of positive numbers; the 
relation u, — 0 (n> o) is therefore impossible and the series (w) 
diverges in view of the corollarv of theorem | § 67. 
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Like tcst 1, test 2 gives the following result : 
Corollary. If the series (u) has lim uns, [Un = L, then the series (u} 


n—> @ 


converges for 1 > 1 and diverges for | > 1. 


The proof is analogous to that of the corollary of test 1 and we 
leave it to the reader. As before, if / = 1, we cannot conclude that 
the series (u) is convergent. 


Example 1. Consider the series 


l 1 1 
1! +r + ° H ' + ) 
here 
Unt (n+ De. l ‘ 
7. 2 eee 
n\ 


i = 0; the series converges ; its sum is equal to e — 1, as can be easily 
calculated on the basis of examples considered in § 39. 


For further exercises cf. Problem Book by B. P. Demidovich, 
Section V, Nos. 28-32. 


It is obvious from the proofs of the above two tests that they 
can serve for comparison of the given series with a geometrical 
progression. These two tests can, however, only be successfully 
applied to serics whose terms decrease more rapidly than the terms 
of a geometrical progression. Such series must be regarded as 
‘roughly’? convergent—their terms decrease very rapidly and there- 
fore the remaindcr rp, also tends rapidly to zero as n increases, z.e. the 
partial sum rapidly tcnds to its limits. We say that such series 
“converge rapidly’’; the more rapidly a series converges, the more 
convenient it is for practical calculations; if, for example, s, already 
gives us 5 with a degree of accuracy sufficient for the given problem, 
then all we have to do is to add four terms of our series; if the series 
converges slowly, we may have to calculate, say, 5j9) in order to 
obtain the same degree of accuracy and this will be a much more 
complicated technical operation. For this reason it is sometimes 
said that a very slowly convergent series may appear to be ‘‘practi- 
cally divergent’’; in spite of the fact that s, can be as close as we 
please to s when n is sufficiently large, we have to take a very large 
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value of n so as to obtain the required degree of accuracy and we 
cannot evaluate the sum in practice. 


Our two tests cannot be applied to series which converge 
“slower” than an arbitrary geometrical progression. This means 
that for such series the limit / mentioned in both corollaries usually 
appears to be equal to unity. More accurate and sensitive tests 
must be found for these series and many efforts were made in this 
direction, since many extensive classes of series of great practical 


importance belong to these ‘‘slowly”’ convergent series. 


Let us begin by considering a more important class of series of 
the kind 
1 1 1 
Tr ta Sit ag ee oe (2) 
where s is an arbitrary constant real number. Ifs <0, the series 
(2) evidently diverges; we are therefore only interested in positive, 
values of s. Ifs = 1, we have a harmonic series whose divergence 
has been established in § 67. And since we have for s < 1 


] 1 

ae = Re (n = l, 2; eee 
it therefore follows from the principle of comparison of series 
(theorem 1) that divergence of the harmonic series implies divergence 
of the series (2) for every s-< 1. We must therefore only consider, 


the values s > l. 


We will now show that the series (2) converges for every s > 1. 
Let k > 1 be an arbitrary natural number. Since we evidently have 
x > k-* forO0 <x < k, therefore - 


’ 
f 


k k tha 
] 
| x76 dx > | k-ds =F 
k—-1 k— 1 ay 


assuming in this inequality that £ = 2,3, ...,n and adding the in- 
equalities thus obtained we have : 7 A 


n n 

1 z ee nas fate ] 
Yas| a a (s— Tyne Ss 1? 
R= I 


since 5 > |. This shows that the set of partial sums of the series (2) 
is bounded for s > 1 which, as we know, is sufficient for the series (2) 


to converge. " er 
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The method by which we have proved convergence of the series 
(2) for s > 1 is very often used ; we shall give it a general basis in 
§ 107 (theorem 5). At present we only note that this method enables 
us not only to establish convergence of the series (2) but also to give 
a convenient assessment to its remainder. In fact, on the basis of 
what has been proved above we have for k > 1 


k+1 k 
| x? dx < B<| x—* dx 
k k—1 


Summing this inequality with respect to k from n to n+ 7 we obtain: 
nt+tr+l n+] n-tr 
1 
| xtdx< en < | x-* dx, 
n ° k=n n—| 
or, evaluating the integrals 


nr 
1 


1 | 
= . er ee ee 
(s—1) ns (s—1)(n+74+ 1) ie ks = 
k=n 
1 1 
=< ae hy PE LW GE radia w oe 
“(ss —1)(n— 1) = (s — 1) (2 + 7)8-? ? 
when —» ©, these inequalities give in the limit : 
< 1 
1 l 
Pg oe eh (n— 1) 
k=n , 
Example 2. When s = 3, we have: 


1 ] 1 l 1 
Emer gra Payee Se eae 
2n* n® m (n+ 1)8 > (ne nee Ih — 1)? ° 
Convergence of the series (2) could not be proved by means of 
either of the above tests. In particular, the limits 


; — ou 
lim Y/un , lim “2, 
n—>©O, nao Un 


‘mentioned in the above corollaries, are equal to unity for the series (2) 
for all values of s. In fact, assuming 


"/n-* = Cy Grete Qe) 
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“we have: 


Inn 
Inc, = — s—, 
n 


-and consequently (¢f example 5 § 37) 
Inc, > 0, fn, > | 
for n—> o. On the other hand 


l 


ee = (14g) > (2 —> © 


ns 


irrespective of s. 


In the same way in which the above two tests were based on 
‘comparison with a geometrical progression, other more sensitive tests 
of convergence can be constructed on the basis of a comparison with 
-a series of the type (2). We shall now prove one such test. 


Test 3 (Raabe). Ifa number r > 1 exists such that 


n (2 — \>r (3) 


Unt 


_ for all sufficiently large values of n, then the series 
Uy + Ug + we Un +... (w) 


converges ; if, however, for all sufficiently large values of n 


n(“ —-1) <I, (4) 


Un+1 


then the series (u) diverges. 


Proof 1. In the first case let us denote by?’ an arbitrary num- 
ber between 1 andr (I <r’ <r). Evidently the quantity 
(i+ —) 4 
ape, n ee 


l 


n 


has as its limit the derivative of the function (1 + x)" at x = 0 for 
n—> 00, te. the number 7’; sincer’ <r, we have for all sufficiently 


large values of n 
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1\"’ 
(3 7 =) nee: 
1 


n 


-<U7, 


hence 
f beat’ r 
a ae 
But it follows from (3) that in this case 


a isso eg) =CPy 


Un+y n 


nan > (n+ 1) dats 5 


this shows that for sufficiently large values of u the product n” u, de-- 
reases in the transition from nto n + 1 and therefore remains boun-- 
ded for n — oo ; in other words, a number ¢ > 0 exists such that 


de te le (ns 125 aes D5 


or 


» * ] ° Rs e 
Since r’ > 1, the series Dec » as we have just proved, is con-- 


n=1 


vergent ; it therefore follows from the principle of comparison of series - 
that the series (uw) is also convergent. 


2. In the second case it follows from (4) that 


tn n+ 1 
< anes 

-_—_oO = 

Un+1 nN 


, 


or 
nun (n+ 1) tan; 


therefore provided n is sufficiently large (n > ng), the product nu, does. 
not decrease in the transition from n ton -+ 1; hence if we assume 
that no Un = 6 we shall have nu, 2 c for n > n and consequently 


c 
Un 2 ye? 
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and since a harmonic series diverges, it follows from the principle of 
comparison of series that the series (u) also diverges. We hava thus. 
proved test 3. 


Corollary. Ifthe series (3) has the following limit 


lim x (22 ai ea, 
n—+CO An+1 


then the sertes (u) converges for | > \ and diverges for l <1. 


We can again leave the proof to the reader. When / = 1, the 
given series can either converge or diverge. 


Example 1. Let us assume that for n > 2 
J i 1 
ene Cae are) 


where a is a constant positive number. We readily obtain 


hence 


Un a” — | 
n{ —l)= 2, 
Un+y 1 


The limit of this expression for n — © is evidently equal to the deri- 
vative of the function a” with respect to x at x =0,i.e. Ina. It follows 
from test 3 that the series (u) therefore converges for a > e and diver- 
ges fora <e. The problem needs further study for a = e. 


We could readily construct simple examples of series for which 
the test 3 is too rough. We have just met one such series (a = ein 
the last example). The reader can show for himself that this test tells. 
us nothing about convergence of thc series of the type 


i 
Lee 
n=2 


where s is a constant positive number. We could find a more: 
sensitive test to throw some light on this problem. In chapter XXV 
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we shall study a test of completely different type based on integral 
calculus which will enable us to operate freely with series of this and 
other more complicated types. 


For exercises cf. Problem Book by B.P. Demidovich, Section V, 
Nos. 42 and 45. 


$ 69. Series with variable signs 


We shall now begin to study series with arbitrary signs. 


Among them we find the so-called alternating series whose terms 
have alternately positive and negative signs so that, for example, all 
‘terms with odd indices are positive. Such a series can be written 
in the form 


hy — Ug Ug — Ug + ... Uppy — Moe + (1) 


where all uw, are obviously positive numbers; alternating series 
occur very frequently and have many different applications; they 
are also interesting theoretically; their convergence can often be 
established by means of a very simple test which we shall now prove. 


Theorem 1 (Leibnitz). Jf the inequality ny, < Un holds for any 
n > | and if lim uy, = 0, then the alternating series (1) is convergent. 


n—> co 


Hence for alternating series the tendency of u, to zero for 
n-—» cO together with the monotonic decrease of the absolute value 
of terms guarantees convergence of the series (in general this is, of 
course, not so; let us remind you, for example, of a harmonic series 
which satisfies both these conditions). 


Proof. Let us denote, as usual, the partial sums of the series 
(1) by 5,. We have for every k > 2 


Sg ~~ Song = “oxy — tox ZY; 
hence the sequence 
Sa, Sgro Sg ++ 9 Sony os (2) 
is non-decreasing. But on the other hand 
Soy = Uy — (Ue — 3) — (tg — U5) — ... — (app — Uoe-2) — Vor, 
hence 


Soy Sy oe eee 
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so that all minuends on the right-hand side are non-negative ; therefore: 
the non-decreasing sequence (2) is bounded from above and has a 
limit 


lim s3, = s. 
k>o@ 


in order to prove that the partial sums s with odd indices tend to the- 
same limit, it is sufficient to note that, according to proof, 


Sonty = Sex + Uorts 
and that s., — sfor k — oo; it is also given that wo,4, —> 0; therefore: 
Sonti —> S (kK > 0), 
which proves theorem }. 


A typical simple series which often occurs in applications is the: 
following series 


1, 1 1 ] I 
l- a typ tm yp tee bap ap (3) 


which according to theorem | is convergent. If we replace all terms. 
of this series by their absolute values, we obtain a divergent (harmonic) 
series. ‘This shows that convergence of the series (3) depends not so. 
much on the rate of decrease of its terms (their absolute values) as 
on the alternative distribution of their signs. 


The series (3) also shows that it is possible for a given series to- 
converge while the series composed of the absolute values of its terms. 
diverges. It is most important in the theory of all series with variable- 
signs that the converse of the situation described above should not 
occur : if the series composed of the absolute values of terms of the: 
given series converges, then the given series will always be convergent. 


Let 
Uy, tue +... Unt... (u) 


be a series composed of terms with arbitrary signs. In that case the: 
following theorem holds: 


Theorem 2. [Jf the following series ts convergent 
lu] tle) +... +leal +..., (| |}: 


then the series (u) ts also convergent. 
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Proof. Let n and & be two arbitrary natural numbers. 
According to theorem 1 §67 convergence of the series (||) implies 
that the sum 


| ata | = | tt n+e| + eee + | 2 na-+4e| 


is as small as we please when n is sufficiently large and & arbitrary ; 
-owing to the fact that 


| UntatUnte 4 ae Un+x | S| Unt | “f Unga | eee. | Un+ie|s 


the same also holds for the quantity |¢ns. + Unt, + ... + Untel 
-according to theorem 1'§ 67 this also implies convergence of the series 
(u). Theorem 2 is therefore proved. 


We can thus see that convergent series (u) with alternating 
‘signs can be divided into two categories: series for which the series 
(\u']) converges and the other series for which it diverges. Series of 
the first type are said to be absolutely convergent and those of the second 
type conditionally convergent (the reason for this terminology will soon 
be obvious). ‘The difference in properties of these two types of 
convergent series is very remarkable and fundamentally important in 
analysis and many applications. ‘This difference can be basically 
characterised by the fact that absolutely convergent series possess 
almost all properties of finite sums, since all operations with such 
-series are carried out according to the same rules as with finite sums; 
-on the other hand, many simple properties of finite series which are 
very important in applications do not apply to conditionally conver- 
‘gent series and therefore practical application of these series becomes 
rather restricted. 


It is evident that convergent series with constant signs always 
-converge abolutely so that the difficulties mentioned above do not 
arise. All propositions which we are going to establish in the next 


paragraph for absolutely convergent series also hold for all series with 
constant signs. 


In conclusion to this paragraph we shall give one more test for 
convergence of series with variable signs. ‘Let «), a, ...,@,... and 
B1, Ba, .... Ba .-. be two sequences of real numbers which possess the 
following properties: 1) the number a, are positive and decrease 


monotonically (Oni < O n) and lim Ay = 0; 2) a positive number 
n—> © 


7” exists such that |o,|=|8,;+68e +..+Bal <c for every 
n> \,i.e. the series of numbers 8, has bounded partial sums. Let 
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tus assume that uy, = &, 6, (n = 1, 2, ...) and show that the given 
series (u) converges. 


. For this purpose let us apply the general test for convergence 
(theorem | §67) according to which it is sufficient to show that for 
every n and for an arbitrary p > 0 


| tnta + Unto to. + Untp | < é. 
We have 
o(n, p) = Unis + Unte + we + Unis = 
= Gat Bat + Ente Bate + .. + Ontp Batps 
-or assuming that 
6B,+6.,+... + Be, = oe (k = 1, 2, ...), 

‘p (n, p) = nt (Fnt+y — Fn) + % nto (Snte _ 6 nit) mh ces 

wes on a ntp (Fntp — Tntp-1) = — Fn &nta + Fatt (% n+ — & nto) “Ff 
+. 6 nse (Knta— %ntg) eee $5 ntp-1(2ntp-a — Ent) + Snip Endy; 


let us choose nso large that &ny, < ¢/2c; it then follows from the 
inequalities jo, | < cand %y4,; <a, which hold for every k that 
the last equation gives us, regardless of p : 


_ 


p (n, p) | < CK nti + ¢ (% na = XK ntp) + Canty = 26% ney <i €, 
K 
‘which proves our proposition. We thus arrive at the following test: 


Theorem 3 (Dirichlet). Leta, > 0(n-—> ©) and let the follow- 
ing inequalities hold for everyn > 1: 


antr Son [Bri thet... +: Bal <e, 
where c is a constant. In this case the series 
ay By t+ %o Bo t+... + an Bn + -. 
will also converge. 


By choosing, say, Bn = (—1)""" we exactly obtain theorem | 
‘as can readily be seen; hence the latter is a particular case of 
theorem 3. 


Example. We have for every & 


nan (e+ 5) «= sin (k-3*) = 2sin + cos kx, 
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Summing this relation with respect to k from | to n we obtain 


n 


sin (n + >)e ee eg eee =) 608 kx, 


2 2 
k=1 
and assuming that sin $ + 4 0 
- ; 1 a | 
: sin(n + > x —- sin ~ x 
2 2 
y cos kx = ~ — -—————-"- - 
ae 2 sin — 
k=] 9 
and therefore for every n > 1 
a 
| | 
y) cos es tae, 
= ‘sin ~ 
k=] 2 
Assuming that «, = | /n, 8, = cosmx we can conclude, according 
to theorem 3, that the series 
cos nx 7 
ra (4p 
n 


converges, provided x is not a multiple of 27; when x = 7, the series. 
(4) is transformed into the series 


n= 


whose convergence, has been proved above for x = 27; the series: 
(4) then becomes a harmonic series. 


For further exercises to § 69 cf. Problem Book by B.P. Demido- 
vich, Section V, Nos. 74-77, 85-86, 89, 96. 


§ 70. Operations with series 


1. One of the most important properties of finite sums is com- 
mutativity, i.e. the sum is independent of the order of terms; we are 
therefore naturally interested in finding whether this property also 
holds for infinite series, 7.e. whether the sum of an infinite convergent 
series remains unchanged when its terms are arbitrarily commutated 
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and whether the series remains convergent. We shall now learn that 
for absolutely convergent series and for conditionally convergent 
series this problem is solved in a directly opposite sense. 


Theorem 1. Jf the series 
Uj tugt... tBuUynt... (u) 
as absolutely convergent and its sium ts equal to s, then the series 
ae tee eee eae ee er (v) 


obtained from it as a result of an arbitrary commutativity of the numbers u a, 
as also absolutely convergent and its sum is also s. 


Proof. Let us assume that 


Po= lanl, 
k=n+l1 


so that 0, > 0(n—- oo). Let e be an arbitrary positive number and 
let n be such that ep, < «. .The numbers w,, wo, ..., u, of the series 


(u) coincide with some definite numbers 2; , v; ,...,0: of the 
1 2 ” 
series (v). Let m» be the greatest of the indeces 14,79, 2, ‘In 


this case the sum 


nm 
Cm = > Ui 
k=1 


for every m > m, evidently contains among its terms all the numbers . 
u,(1 <k <n); it may also containin addition some numbers ux with 
indeces k > n. ‘Therefore assuming that 


n 
_ ly =Sn (n= 1,2,...), 
k=1 


we have : 
Gm=Snt¢ 


where g is the sum of several numbers uw; with indeces k > nso that 


oc 


lgi< Yo lul=mn<e. 
k=nt+l 
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Therefore 
[om ~s}=|[sa—s+a|<[a%—s|+]a|= 
=| Youy+lai< Yo lul+lal<2. 
k=n+1 k=n+1 
the only condition being that m is sufficiently large. Hence the series 
(v) is convergent and its sum is equal tos. Absolute convergence of 
this series is almost self-evident; in fact, the sum 


y | ox | 
k=1 


is no other than the sum of n terms of a convergent series with non- 

negative coefficients | uw, | + |u| + ... +] uv, |-+ ... and therefore it 

does not exceed the sum of this series for any n; it therefore remains 

bounded for n— oo and this implies convergence of the series. 
@ 


> | % |, %.¢ absolute convergence of the series (v). 


t 
| 


k=1 

We shall now turn to conditionally convergent series and at 
first prove one auxiliary proposition for these series, which is also of 
general interest. 


Lemma. Jf the series (u) is conditionally convergent, then all its 
positive terms form a divergent series (u*) and, similarly, all its negative terms 


form a divergent series (u-). 


Proof. We shall denote respectively by st, and s-, the sums 
of those terms of the series (w*) and (u-) which have the partial sums 
Sn of the series (uw) so that sty + sn = Sa. Since the series (u) is. 
convergent, the sum 5, tends to a definite limit for 2 —> 00; hence 
the equation 5, = st, -+ 5, shows that if either of the sums s+, or s5~, 
has a limit for n — oo, then the other sum must also tend to a limit 
but in this case the difference s+, — s~, must also tend to a definite 


limit which is evidently equal to 
[arf lmao + tn |5 
hence the series (z) is absolutely convergent, which contradicts the 


conditions of the theorem. ‘Therefore neither st, nor s~, can tend 
to a limit for n — 00, 1.e. the series (wt) and (u-) diverge, which was. 


to be proved. 
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Theorem 2. Jf the series (u) ts conditionally convergent, then an 
appropriate commutativity of its terms can make-1t divergent or convergent, and 
in the latetr case its sum can be made equal to a preassigned sum s. 


Proof 1. In order to obtain a divergent series we shall place 
the terms of the series (uw) as follows: At first we take a certain 
number of positive terms of the series (uw) so that their sum should 
exceed unity (this is possible as a result of the lemma which we have 
just proved). Thereafter we place the first negative term; we then 
take enough positive terms for their sum to exceed unity and we 
place thereafter the second negative term; it follows from our 
lemma that this process can be continued ad infinitum and it is 
evident that every term of the series (wu) will sooner or later be 
included in the new series. Our series will, by construction, contain 
*‘parts’? > 1 which can be as far removed as we please; therefore 
according to theorm 1 § 67 the series will be divergent. 


2. In order to obtain a convergent series with an arbitrarily 
preassigned sum s we shall place the terms of the series (~) as follows: 
We assume, say, thats > 0. Therefore, at first we take positive 
terms of the series (wu) (in the same order as they appear in this 
series until their sum does not exceed s; this will take place sooner or 
later as a result of the lemma proved above; as soon as the sum 
obtained exceeds s we begin to add negative terms of the series (z) 
(again in their natural order) ; we continue to do so until their sum 
becomes less than s; this will again take place sooner or later as a 
result of the same lemma. As soon as this happens we again begin 
to add positive terms of the series (uv), and so on. The resulting 
series 


Vp, tVUgo Ht... ton Ht... (v) 


will, in fact, include all terms of the series (u) but their position will 
differ. Let us assume that 


a . 
yen = op (My 2, esa) 
k=1 


Let ¢ > 0 be as small as we please. Since v, > 0 forn > ow, 
we can find an m such that |v,| <¢forn > m. Let us consider an 
arbitrary sum o,(n > m);ifo, and o,-, lie on opposite sides of s, 
then 


lon — S| < [On — Sn1| = lon] <e. 
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If, however, ¢,, and ¢,_, lie on the same side of s, then according to 
our construction ¢,, lies closer to s than o,_;. Hence in all cases oy 
lies closer to s than the distance ¢ or it lies closer than the preceding 
sum GOy-,. This evidently implies that from a certain number 
onwards all the sums ¢,, lie closer to s than the distance ¢; and since 
e is arbitrarily small, o, — s(n — o), which was to be proved. 


We can therefore see that with regards to commutativity of 
terms a conditionally convergent series represents, aS it were, a raw, 
amorphous mass which can be transformed, by suitably applying the 
above operation, into either a divergent series or a convergent series 
or a convergent series with a preassigned sum. 


Note. The problem about the influence of commutativity of 
terms of the series which we have considered above arises, as is almost 
self-evident, only when this operation embraces an infinite number 
of terms of the series. In fact, if only terms with indices not exceeding 
m can be commutated, then all partial sums of the series, beginning 
with s,,,; remain unchanged; if the initial series is convergent, then 
the series obtained after this commutative operation will also be 
convergent and its sum will be the same. 


2. Another important property of finite sums is their distri- 
duuvity: in order to multiply two sums we must multiply each term 
of one sum by all the terms of the other and add the product so 
optained. It is therefore important to know whether this distributive 
law also applies to infinite series. This problem can also be considered 
from another point of view: we have seen § 67 that two (or more) 
convergent series can always be added or subtracted term-by-term, 
We are now naturally interested in finding whether it is permissible 
to multiply these series term-by-term. 


Theorem 3. If the series 
Up tugt.. tug ti. =s (u) 

and 
Uy tvet.. tat... = 6 (v) 


are absolutely convergent, then the series composed of all products of the form 
uid, (1, = 1, 2, .. ) with suffixes appearing in any order is also absolutely 
convergent and its sum is equal io so. 


Proof. Let us denote by wy, We, 1.5 Way products of the 
form ujv, (%,k = 1, 2,...) numbered in any order and consider 
the series 


Jews] + lwel +... + lw,| +... (||) 


NUMERICAL INFINITE SERIES 325 


Let S,,(n = 1, 2, ...) be the partial sums of this series. The sum S', 
consists of terms of the form |u;v;|. Among the suffixes 7 and & of 
terms composing the series S,, we can find the greatest term; let us 
denote it by m; if then we multiply term-by-term the finite sums 


An = |u| + | m9 am see +\un|, Bry =|0,| + | v2} + aise aR Biats 


the terms of this product will evidently contain all the terms |u;v,| 
of the sum S,. Hence ° 


Sn < AnB im: 


But the series (vu) and (v) are absolutely convergent and therefore the 
sums A, and B,, are bounded; the last inequality shows that the 
partial sums S,, of the series (|w|) are bounded and, consequently, 
this series is convergent. 


We have to prove that the sum of the series 
Witwet... pw, to. (w) 


(whose convergence follows, of course, from convergence of the series 
(|w|) is equal to sc. With this in mind we note that since the series 
(w) is absolutely convergent, therefore, in order to find its sum we can 
place its terms (#.e. the products w;v;,) in any order (theorem 1). 
Let us place them as follows: at first we take the term u,v, (only) 
in which the greatest suffix is unity; we then take all those terms 
whose greatest suffixes are equal to 2 (there will be three such 
numbers: U1 U,, UpV9, Ugv,; after that we take terms with greatest 
suffix equal to 3 (there will be five such terms: 103, UgUg, Ug V3, Ug U2, 
u3¥,),and so on. If we take the partial sum of this series (w) ending 
with a group of terms with the greatest suffix m, then its partial sum 
evidently includes all products of the form u; vz (1 <i<m,1<k <™m), 
i.e, it will be equal to s,,¢,,, where 


Si = Uy H Ug + ee gy Om = Vy + VQ H.-F Um 


and since we have s,,—s and oc, — o for m-— oo, the selected 
partial sum of the series (w) tends to sa for m-» oo. And since the 
series (w) is convergent, the limit of this partial sum should coincide 
with the sum of the series (w) which is therefore equal to so. This 
proves theorem 3. 


A more accurate analysis which we cannot consider here shows 
that in order to multiply term-by-term the series (u) and (v) it is 
sufficient to assume that either of these series is absolutely convergent 
(and, of course, we must also assume that the other series is at least 
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conditionally convergent). In that case we can no longer place the 
products w;v, arbitrarily, but we must place them in a quite definite 
order. 


When both series are conditionally convergent, term by term 
multiplication isalmost impossible. Hence, in general, only absolutely 
convergent series possess all distributive properties of finite sums. 


For exercises ¢ f. Problem Book by B.P. Demidovich, Section V, 
Nos. 116, 119. 


§ 71. Infinite products 


As we know, addition can embrace an arbitrary number of 
terms ; similarly multiplication can also embrace as many factors as 
we please. Jn the case of addition by allowing the number of terms 
to increase indefinitely and using the principle of limiting process we 
have arrived at the concept of a sum of an infinite series. Owing to 
the fact that addition is in many respects similar to multiplication we 
can expect to arrive at a new useful concept, when the number of 
factors increases indefinitely, by applying the principle of limiting 
process. 


Let 21, 2, --- » 2n be an arbitrary sequence of real numbers. Let 
us assume that 


n 

21 £2 eee Zn = Zk = Tn (n = l, 23 ies) 
{x==1 

and call the numbers 7, the “‘partial products”’ of the given sequence. 

If the limit 


limit, = 7 
N—> © 


exists, then, as with infinite series, we can naturally consider this num- 
ber 7 to be the product of “all” the numbers z, and write 


t= ; ; Zk = 21 <2 oee Zn eee 
x=1 


Let us assume that all the numbers Z, are positive. In that case 
n 


log z#2= y log z,; if the limit (1) exists and if «40, then it follows 
k=] 
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from x, —-> ~™ and from continuity of the logarithmic function that 
log x, — log x, i.e. 


n 
Sn = 3 log z,—-log = (n> 90). 


k=1 


This shows that existence of the positive limit (1) inevitably implies 
convergence of the series 


log z; + log z +... + log z +... , (2) 


and the sum of this series is equal to log x. Conversely, if the series 
(2) is convergent, then the quantity 


n 


Sn = y) log 2, = log (z, 2 ... Z,) = log tr, 
k=1 


tends to a definite limit for n — 00 ; hence the partial product 7 
also has a definite limit (this limit has a logarithm and is therefore 
positive). We thus arrive at the conclusion that inorder that the nonzero 
limit (1) should exist (for positive z,) it is necessary and sufficient that the 
series (2) should be convergent. ‘This enables us to foresee that the case 
mt == Q will deserve special attention in the theory of infinite products. 


Let us now assume that the numbers z; have arbitrary signs (we 
only assume that there are no numbers equal to zero among them: 
if, for example, z, = 0, then evidently w, = 0 for alln > k and the 
limiting behaviour of x, becomes trivial. We evidently have : 


Tp 


in = (a= 2, 3) cen )k 


Tn} 
Let the limit (1) exist ; in that case x, > manda,-) > m7 forn > © 
and therefore if x ~ 0 


in = I (n —> cO); 


in the same way as the n-th term of a convergent series should tend 
to zero for n—>00, so the n-th factor of an infinite product should tend 
to unity for n — oo, provided a nonzero limit = exists. We can see 
that here the case x = 0 occupies a special place ; it can readily be 
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.shown by an example that for « = 0 our deduction will, in general, 
be no longer true ; for this purpose we can choose, say, 


we have tm, = 1 / 2"°—0 (n— 00), while z, is always equal to 1/2 and 
therefore does not tend to unity. 


We have thus confirmed for the second time that products with 
a nonzero limit (1) show a more or less close analogy with convergent 
series. This is confirmed by many other facts in the further develop- 
ment of theory. Itis therefore useful to accept the following definition. 


The infintte product 


co 
Z1 Re ove gn — = [[. 


n= 


ts said to be convergent if the nonzero limit (1) exists ; if, however, this limit 
either does not exist or, although existing, is equal to zero, then the infinite 
product ts said to be divergent. 


If the infinite product converges, the limit = is said to be its. 
value or quantity ; thus the value of an infinite product is always ex- 
pressed by a nonzero number, a divergent product has no value 
(meaning). 


We have seen that the n-th term of a convergent series tends to 
zero as m-+00. ‘This shows that in every convergent product (3) the 
numbers Z,, from a certain 2 onwards, are always positive ; the product 
can therefore only contain a finite number of negative factors ; if we 
change thesign of each factor, the product as a whole will either change 
its sign or the sign may remain the same, 7.e. it will only undergo a very 
trivial change. Hence without loss of generality we can assume (and 
we will do so in future) that all the numbers z, are positive. More- 
over, owing to the fact that for convergent products z, —> 1 (n — oo), 
it is frequently convenient to assume that z, = 1 + wu, and write the 
infinite product in the form 


{ft (1 + wy) ; (4). 
n-=1 


here we always have — 1 <u, < + %, and in the case of a conver- 
gent product u, — 0(n — oo). 
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One of the main aims of the theory of infinite products is to. 
establish tests which would enable us to recognise whether the given 
infinite product is convergent or divergent. As we know, convergence 
of the product (4) is equivalent to convergence of the series 


VV log (1 + tn) ; (5): 
n=] 


this connection enables us to base the tests for convergence of products. 
on the known tests for convergence of series as established in § 67 ; it 
enables us to confirm the condition that for every < > 0 and for every 
sufficiently large n and k > 0 we should have : 


nk 
| y} log (1 +x) | <s, (6): 
i=n+1 


this is the necessary and sufficient condition for convergence of th 
series (5) and therefore also of the product (4). Since 


n+k n-+k 
Y tog 1 +) = tog FTP 1 + wa f, 
jz=n+1 t==n+1 


the inequality (6) can be replaced by the inequality *) 
nt+k 


[fate -af<o 


i=n+l 


where ‘4, like ¢, is a positive number which can be as small as we: 
please. Hence in order that an infinite product should be conver- 
gent it is necessary and sufficient that any sufficiently far removed (as. 
far as we please) “‘part’’ of the series should be as close to unity as. 
we please. Hence in this respect we have a complete analogy 
between products and series. Let us draw attention to the fact that 
this analogy only holds if we accept the above definition (7.¢. the: 
condition that products with lim 7, = 7 = 0 are divergent). 


The established test is of great theoretical importance like the 


corresponding test for series; however, it can only be applied in isola- 


*) This number is as closc to unity as we please if and only if its logarithm. 
is as small as we please. 
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ted cases of concrete products. In order to obtain tests of greater 
practical value we must, as in the theory of series, go beyond the 
general concept and consider definite classes of infinite products. We 
must at first naturally ask which products can be regarded as analo- 


gous to series with constant signs and which is analogous to series 
with variable signs. 


The terms of a convergent series tend to zero as their suffix 
increases ;"if the series has constant signs, this implies that all its 
terms are either positive or negative; in other words, all its terms lie 
on the same side of the limiting value 0. In the case of a convergent 
infinite product the limiting value of all terms is unity; we must 
therefore regard those infinite products as analogous to series with 
‘constant signs in which all factors are either greater or less than 
unity. If the product is represented in the form (4), this means that 
the numbers w,, are either all positive or all negative. For infinite 


products of this kind we have a very simple and practically convenient 
criterion of convergence : 


Theorem 1. Jf all the numbers uy have the same sign, then in order 
that the product (4) should be convergent it is necessary and sufficient that the 
following series should be convergent : 


Uy tugt.. tue t.... (7) 


Proof. We can at first assume that u,—>Oforn— oo. In 
fact, if this is not so, then, as we know, the product (4) and the series 
(7) are divergent and the statement of theorem 3 is proved. Let us 
now consider both possibilities separately. 


1. Letu, > O(n = 1, 2, ...). Owing to the fact that x +> 0 
e*>—1]1+2+0 (x), (8) 
therefore for a sufficiently large n 


1 


—Uu 
ea" <1ltu, <e, 


‘We can assume that these inequalities are satisfied for all n, since 
rejection of a finite number of terms cannot affect convergence of the 
series or the product. But assuming that 


n 


n 
te = Sem ; [a + Up) = Tn; 
k=1 


k=] 
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“we have: 


3Sy a 
Z nm 
é x Ty Se 


Gt = 15-2348): (9) 


‘If the series (7) is convergent, then the sum s, remains bounded for 
n-—> oO; it then follows from the second of the inequalities (9) that 
7, also remains bounded; and since Ty, > 7» (n > 1), the product 
(4) is convergent; conversely, if the product (4) is convergent, then 
7, remains bounded for n —> oo ; it then follows from the first of the 
inequalities (9) that s, also remains bounded and therefore the series 
(7) is convergent. 


2. tn <0 (n = 1, 2,...). The same relation (8) gives us for 
.a sufficiently large n 
2H ny 4 u 
€ <l+u,<¢?°", 
and we can again assume that these inequalities are satisfied for all 
values of n, which leads to 


2s 


| 
Ss 
ee ee 


(n= 1,2...). ~ (10) 
If the series (7) is convergent, then 5, is convergent for n — oo (this 
‘time 5, <0 and the fact that s, is bounded implies existence of a 
positive number A such thats, > — A for any n); it follows from 


the first of the inequalities (10) that z, > | (n = 1,2,... ) and 
owing to the fact that now mai, < Tn (n > 1), therefore 7, tends to 


.a definite positive limit = > ove for n-—> oo, i.e. the product (4) 
-converges. Conversely, if the product (4) converges, then z,-> 7% > 0 
(n—» o0) and, evidently, z, > 7 (n = 1,2... ); the second of the 
inequalities (10) therefore gives: 


oe Te, Sn 22inz Cre 1h Qian), 
7.e. the sum s,, remains bounded from below for rn — oo ; hence the 
series (7) converges. 


1 
a 5a 
e2 


Examples. It follows from divergence of the harmonic series 
‘that for n> co 


(1+ p)i+z) 
B04) 


(+t)s+e 


(1-=)+0 
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It follows from convergence of the series 


ie 
n=] 


that both products 


(1+ qe) ge) (1+ ge) ana(I— 2) ge) lr) 
tend to positive limits for n —> oo. 


For further exercises cf. Problem Book by B.P. Demidevich,. 
Section V, Nos. 403, 413, 419, 420, 425. 


CHAPTER XIX 
INFINITE SERIES OF FUNCTIONS 


§ 72. Region of Convergence of 2 Series of Functions 


Let uy(x); we(x), ..., Up(x) be a sequence of functions with 
-independent variable x defined in an interval (a, 5). If we write the 
‘infinite series 


uy (x) + ug(x) +... fun(x) +.., (1) 


then for each value x9 of the variable x in (a, 5) this series becomes 
-a numerical series 


Uy (Xo) + Ug(%o) + vee + Un(xo) +, 


which can be convergent or divergent. A series of the type (1) is 
said to be an infinite series of functions defined in the interval (a, 3). 
These series are an important tool in mathematical analysis, and the 
whole theory of numerical series whose elements were described in 
‘Ghapter XVIII can be regarded as an introduction to the theory of 
‘series of functions which we shall now study. 


Let us at first consider how the concept of convergence can be 
applied to series of functions. We have already said above that for 
every numerical value of the variable x in the interval (a, 4) the series , 
(1) becomes a ‘numerical series so that in view of Chapter XVIII the 
expression (1) can be regarded as describing not a single series but a 
whole family of numerical series. Some of these series will be conver- 
gent and some divergent. It is therefore obvious that we cannot give 
one answer to the question whether the series (1) converges or diverges ; 
such a question should not be put for series of functions. Instead 
the following question should be asked: For what values of x in the 
interval (a, b) ‘is the ‘series (1) convergent and for what values divergent ? 
Hence convergence:of a series of functions is a local concept: it applies 
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at some points of the given interval (a, 5) and does not apply at 
other points. Only when the series (1) converges (or diverges) at 
every point in the interval (a, 0), it can be said that the series converges 
(or diverges) in that interval. 


A point x in the interval (a, 6) at which the series (1) converges 
is said to be the point of convergence of this series; similarly the point 
at which the series (1) diverges is said to be the point of divergence of 
this series. Hence in relation to every series defined in the interval 
(a, 6) the points of this interval are divided into two sets of points: 
the set of points of convergence and the set of points of divergence of 
the series (1). The first set is known as region, of convergence and the- 
second as region of divergence of the given series. In same cases either 
set may be empty. 


Cases are known in the theory of series of functions when regions. 
of convergence and divergence have very complicated structures ;. 
this may be so even when the series are composed of simple elementary 
functions; it comes about, for example, with the trigonometrical series. 
which we shall study in chapter XXI. Here-we shal] only consider 
one simple case. 


The series 


Ptetetecat tao, 


all terms of which are defined along the whole number line: 
(— o <x < + ©) isa geometrical progression for every value of 
x; the region of convergence of this series is evidently the open interval: 
— 1 <x < 1; the region of divergence is defined by the inequality 
|x| > 1. 


Sums of the form 


n 


Sn (x) = » ux (x), 


k=1 


in analogy with numerical series, are called partial sums of the series: 
(1). If the series (1) converges at the point x, then the following: 


limit exists: lim s, (x) = s(x). The functions Sn(x) are defined at 
n= © 


every point of the interval (a, 6), but the function s(x), which is said 
to be sum of the series (1), is only defined at the points of convergence: 
of this series. ‘The function 7,,(x) = s(x) — s(x) is called remainder- 
of the given series. Itisevident that, regardless of the value of n, the: 
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function 7,,(x) is only defined within the region of convergence of the 
series (1). At every point x of this region we have: 


lim r,,(x) = 0. 
n—> © 


§ 73. Uniform convergence 


We have already noted that convergence of a series of functions. 
U(x) + us (x) +... + un(x) +... 


is local in character. When we say that a given series converges in 

an interval (a, 6) we mean that it converges at every single point in 

this interval, but this does not deprive the concept of convergence of | 
its local character. We can, however, introduce another concept of 

convergence of a series of functions in a given interval, which does. 
not imply its convergence at individual points and which has a “‘total”’ 

and not a “local’’ character. ‘This concept is of fundamental impor- 

tance in the theory of series of functions and its applications, and we: 
shall now consider it in detail. 


Let the series (1) whose partial sum is denoted by s,,(x) be- 
convergent at every point in the interval (a, 6) and let its sum be- 
equal to s(x); the remainder of the series 7,(x) = s(x) — 5_(x) tends 
to zero as n —> oo at any point x in the interval (a, 6). In detail this 
implies as follows: for every ¢ > 0 and for any x(a <x < 6)a natural: 
number 7, can be found such that for every n > ny 


tn GO es 


This natural number ny, i.e. the ‘“‘spot’’ from which the inequality: 
(2) is satisfied, evidently depends not only-on « but also on the selec- 
ted point x in the interval (a, 6). Thus different values of x produce: 
different numerical series (1); therefore, in general, the ‘“‘spot” from 
which | 7, (x) | always remains less than « will be different for diffe- 
rent series. Is it possible to choose my such that for every n > ny 
the inequality (2) should be satisfied for all values of x in (a, 5)? If 
a finite number of values of x exists, this problem would be simple; 
each value of x would then correspond to a definite value of mg so 
that there would only be a finite number of values of ny; having 
selected the greatest values of my) we would evidently obtain the 
“spot” from which the inequality (2) would be satisfied for all values 
of x (of which there is a finite number). However, the interval (a, 4) 
contains not a finite but an infinite number of values of x, each of” 
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which has a corresponding 7 9 so that we have an infinite number of 
values of my; an infinite set Of natural numbers does not always 
contain the greatest number; (we must therefore take into account 
the possibility that the number 79, from which “spot” onwards the 
inequality (2) would be satisfied at every point of the interval (a, 4), 
does not exist). We can also see the reason for this : for every point 
x on the given line the “spot”, from which we always have 
|r, (x) | < ©, will appear sooner or later; for some points this will 
happen sooner and for others later; for some values of x the series 
. (1) converges more rapidly and for other values of x more slowly ; 
we can say that convergence of the series at some points “lags 
behind’’, as it were, from its convergence at other points, 7.¢. 
although the series converges for all values of x (a < x < 3), its con- 
vergence is “non-uniform” and takes place more rapidly for some 
values of x and more slowly for other values. 


Therefore the following definition appears useful. 


The series (1) is uniformly convergent in the interval (a, b) if, no maiter 
what the number = > O be, a nutural number ny can be found such that the 
inequality (2) holds for every n > ng and for everyx (a Kx <0). 


This new concept of convergence of a series of functions is no 
Jonger local in character, z.e. it cannot entirely be reduced to con- 
vergence of the series at individual points and it essentially takes into 
account the comparative rate of convergence at different points. We 
must at first consider non-uniformly convergent series. (Can the series 
(1) which converges at every point in the interval (a, 6) not be non- 
uniformly convergent in that interval? Let us recall that a similar 
problem has been considered in § 23; having defined, the local 
contunity of a function at every point of a given interval we proceed 
to define the concept of uxiform continuity which is more restrictive 
and no longer local in character; however, it appeared later 
{theorem 5§ 23) that every continuous function is also uniformly 
continuous (in a closed interval), z.e. the new concept is no more 
restrictive than the initial concept. We have a similar situation in 
this case if every series (1) which is convergent at every point in the 
interval (a, 5) is also uniformly convergent in that interval. However, 


we shall now show that this is not so. 
Let us assume that 


ay (x) = x, uy (x) = et — x (n > 1) 
and consider the series (1) in the interval (0, 1). We have: 


Si (x) == x (x? — x) He Hb (xe — et) = xn, 
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This gives us for09 <x < 1 


lim sy (x) = lim x” = 0, 
n—~ co n—> oo 


while s, (1) = I (n = 1, 2, ...) for x = 1, and therefore 


lim sy (1) = 1. 


n—>© 
Hence assuming that 


oe {i (0 <x < 1), 
| is ©, dea Be 
we have : 
Sn (x) >s(x) (OS%e C1); 
in other words, the series (1) converges at every point of the interval 
(0, 1) and its sum is equal to s(x). 


We shall now show that this convergence is non-uniform. The 
point 


j 
Kn =a: 
nf 2 
evidently lies in the interval (0, 1) for every natural 2; but 
Sn (Xn) = fea (xn) = 0 
n\Xn) = Xy = a 2S n) aa ? 
and therefore 
(9) == 5 (tn) — Sn a) = ~ Falta l= 
Pm (%n) == 5 (Xn) — Sn An) = maa | Tn (Fn) = 7° 


Ife < 1/2 (for example ¢ = 1/4), then no matter how large the 
value of n be, a point x, can be found in the interval (0, 1), at which 


| tn (Xn) | > &5 


the inequality (2) cannot be satisfied at every point of the interval 
(0, 1), no matter how large the value of 2 be; this means that our 
series is non-uniformly convergent in the interval (0, 1). 


It is very important to imagine this phenomenon visually. 
Fig. 47 represents the graphs of the functions y = Ss, (x) forn = 1, 
n = 2 and for a very large value of. We can see that no matter 
which point x (0 < « < 1) we choose, the value of s, (x) decreases 
and tends to zero as 7 increases ; it can be seen from the graph that 
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this value is negligibly small for large n. However, no matter how 
large the values of n we choose for values of x close to unity (for 
example, for x = 1/"/2), 5» (x) will still be far away from its limit 


(i.e. from zero) ) : points can be found on the curve y = s», (x) such 
that their ordinates are still far away from zero; and if we continue 
to increase the number n repeatedly, such points will still appear 
(they will only change their positions by moving further to the right 
or left). The “lagging’’ of convergence which we have mentioned 
above can thus be vividly imagined. 


The reader will readily appreciate that no matter how smail 
¢ > 0 be, the given series will converge uniformally in the interval 
(0,1 — ¢). Hence only the behaviour of terms of the series in the 
immediate neighbourhood of the point unity inhibits uniform con- 
vergence of this series in the interval (0, 1). 


We can thus see that a series of functions can converge non- 
uniformly in the given interval. This means that the concept of 
convergence of a series, which 
yh we have introduced above, is 
! more restrictive than the con- 
cept of local convergence of a 
series in an interval. In the 
next few paragraphs we shall 
consider several general prob- 
lems in which the concept of 
uniform convergence is of fun- 
damental importance. At pre- 
sent, however, we shall only con- 
sider tests which will enable us to 
establish uniform convergence 
of a series in a given interval. 


Fig. 47. To begin with, there 

holds the following necessary 

and sufficient condition for uniform convergence (which is therefore 

theoretically very valuable) which is analogous to theorem | § 67 for 
numerical series. 

Theorem 1. Jn order thai the series (1) should be umformly convergent 
in the interval,(a, b), at as necessary and sufficient that the following condition 
should be satisfied: no matter how small ¢ > 0 be, the following inequality 
hold will for all sufficient'y large values of n: 
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n+p 


| » ey: (x) — | llnty (x) i Upto (x) ae +i+p (x) | < S; (3) 
k=n+1 . 


arrespective of the natural number p and the point x in the interval (a, b). 


Proof. 1. Ifthe series (1) converges uniformly, in the, interval 
{a, b), then for » > ng and for every natural p 


ion 
= 


lm | <> | mtx) | <a (a <x <4); 


and therefore 


Hate (2) — ta (3) | a ie) ee (a <x < 5), 


which proves the necessity of our condition. 


n+p 
2. Owing to the fact that 7, (x) = lim y u,, (x), therefore in 
po ar 
k=n+1 


the case when the inequality (3) holds for every natural. number p 
and at every point x in the interval (a, 6) we have : 


mah <e exw by, (4) 


and it therefore follows from the condition of theorem | that the 
inequality (4) will be satisfied for every ¢ > 0 provided x is sufficiently 
Jarge ; this means that the series (1) is uniformly convergent in the 
interval (a, b) ; hence we have proved the sufficiency of the condition. 


In concrete cases uniform convergence is frequently established 
by means of the following simple and very convenient: sufficient 
condition. 


Theorem 2 (Weierstrass’ test). If the following numerical conver- 
gent series with positive terms exists + 


a, + as Sag SE Gye AP goes (5) 
so that 
| tn (x) | San (2 = 1,2, ...5 @Su < B), (6) 


then the series (1) is uniformly convergent in the interval (a, 6). 
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Proof. No matter how small « > 0 be, it follows from theorem 
1 § 67 that the following inequality would hold for all sufficiently 
large values of n 


ant “ Ante a ae a antp < ¢€, 


regardless of the natural number p. But it then follows from the 
inequalities (6) that 


p 
1 YE tose (2) 
k=1 


provided a is sufficiently large and p is an arbitrary natural number. 
We therefore conclude from theorem | that the series (1) is uniformly 
convergent in (a, b); theorem 2 is thus proved. 


p 
<P lune te| <2 (@@<x <d), 


For exercises to § 73 ¢f. Problem Book by B. P. Demidovich, 
Section V, Nos. 242, 243, 245, 246, 261, 262, 264, 268, 279, 285, 286.. 


$74. Continuity of sum of a series of functions 


In the study of numerical series we were considering as to which 
properties of finite sums also hold for infinite series, z.e. to what extent 
we can treat series in the same way as finite sums. We are naturally 
also interested in the same problem with regard to the theory of 
series of functions. 


We know that sum of a finite series of continuous functions is- 
always also a continuous function irrespective of whether we consider 
continuity at a given port orin a given interval. Does this property 
of finite sums also hold for infinite series ? If all terms of the series 


Uy (X) -b uy (x) +... + un (x) +... (1) 


are continuous in the interval (a, 5) and if the series (1) is convergent 
at every point of this interval, then are we justified in maintaining 
that the sum s(x) of this series is also continuous in the interval 
(a, 5)? We already know that this is in general not so. In $73 we 
have considered the following series as an example 


u(x) =, tm) =a — a (n> Dy, 
all terms of which are continuous in the interval (0, 1), and we found 


that this series is convergent at every point of the interval (0,1) and 
its sum is equal to 
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4.€. it is a continuous function. However, let us note that we have 
constructed this example in order to obtain a non-uniformly conver- 
gent series and we have, in fact, found that this series is non uniformly 
convergent in the interval (0, 1). We therefore naturally tend to 
think that this non-uniform convergence is responsible for discontinuity 
of the obtained sum and this phenomenon could not take place, had 
we constructed a uniformly convergent series. This assumption can 
be fully confirmed by the following theorem : 


Theorem {. Jf all terms of the sertes (1) which 1s uniformly conver- 
gent in the interval (a, b) are continuous in that interval, then the sum s(x) of 
the series (1) is continuous in the interval (a, 6). 


Owing to the fact that continuity of the terms u,(x) of the 
series (1) is completely equivalent to continuity of the partial sums 
Sn(x) of this series, the statement of theorem I is equivalent to the 
statement that if all terms of the sequence 5, (x), 59(¥), ... , 5n{x), ... 
which tend uniformly to the limiting function s(x) in the interval 
(a, 6), are continuous in that interval, then the function s(x) is also 
continuous in that interval. 


Note. We have seen that the sequence of functions 


Fi (x), fo (x), wee Pye (x), ae 


converges uniformly to the function f(x) in the interval (a, 6) if for 
every ¢ > 0 a number ny can be found such that for n >’ m and for 
a<x«x <bwehave: 


| fn (x) — f(x) | <s. 
It is evident that uniform convergence of the series (1) is equivalent 
to uniform convergence of the sequence 5; (*), Sz (x), .-. 5 Sn (*), --. of 
its partial sums. 


Proof. Let ¢ be an arbitrary positive number and let « be 
an arbitrary point in the interval (a, 6). Since the series (1) is 
uniformly convergent in that interval, we have for sufficiently large 
values of n: 


1 

| s (x) — Sn (x) |< e (a<x<b). fy (2) 
Let us now fix .a definite uumber x which satisfies this inequality. 
Since the function s,,(x) is continuous at the point «, there would 
exist a 5 > O Such that 


Isa (2) — sa (a) |< (3) 
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if and only if|« — «|< 6. But 
| $(x) ~ $(a) — | [s(x) —Sn()] + [on (0) —5n(@) ] + [n(ar) —s(a)] | < 


iS] s(4)—sn(*)| + i sn (x) snl) | + fsn(@) —s() 1 
it follows from (2) that the first and third terms on the right-hand’ 
side are jess than ¢/3 irrespective of the points x and ain (a, 5); it 
follows from (3) that the second term is less than ¢/3, provided 
|x —a| <8. Hence, provided this condition holds, each of the 
three terms on the right-hand side is less than </3 and therefore 
their sum is less than <; we thus obtain: 

|s (x) -— s (a)| << s, 

if| x — a] < 8; since e > 0 is arbitrary, the function s (x) is conti- 
nuous at the point «; and owing to the fact that « can be any point 
in (a, 6), the function s (1) is continuous in that interval; theorem 1 
is thus proved. 

Uniform convergence of a series of continuous functions gua- 
rantees coritinuity of the-sum of that series. In fact, in most concrete’ 
cases continuity of the sum is established by means of this method by 
making reference to continuity of the series itself. However, it is 
also interesting to note that in some cases a non-uniformly conver- 
gent series of continuous functions can have a continuous sum so: 
that the converse of theorem I is not true. We shall now prove 
this by an example. Let us select the terms of the series (1) so that 


Sn (x) = x™ (1 — x”) (eT Dy uae) s 
in this connection it is evidently sufficient to assume that 
u, (x) = 5, (x) =x(1—2), 

Un 8) = Sn) —5y,-4(x) =x"(L—x") —at-T(E—x"-) (n>1). 
And since for (ee | 

| | 0 < Sy (x) < x", 
therefore s, (x)->0 (n—> oo), where O<x<1; andsince s,, (1) =0 for 
every n, therefore s, (1)->0 (x00) so that s, (x) tends to zero at every 
point in the interval (0, 1). The sum of the series (1) is identically 
zero and therefore continuous. But on the other hand we have for 
x= "/1/2 : . 

[tn (*)| = Sn (x) = + 


and therefore no matter what n is, the inequality 


Irn (x)| <e 


f 
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for = < 1/4 cannot hold for all points x in the interval (0, !) so that 
the series is non-uniformly convergent. In this case it isalso interest- 
ing to imagine this phenomenon visually. Fig. 48 represents the 
graphs of the functions y = s, (x) when x = 1, n = 2 and when nis 
very large; each of these functions has (as the reader can readily 
calculate) the maximum value 1/4 which the function s, (x) takes 


when + = 1/4/2. Hence as n increases this maximum, whose value 
remains constant, will move to the right and tend to the point 1. 
Therefore, no matter how close to unity we select our point x, this 
maximum will move farther to the right than x for a sufficiently 
large n while at the point « the function s, (x) will decrease and tend 
to zero asm increases; on the other hand, however, no matter how 
large the value of n be, a point can be found (x = I/</2) where 
Sn (x) = 1/4, 7 e. points can always be found where the tendency of 
Sn (x) to zero will considerably ‘lag’? behind and we are unable to 
find a value of n for which s, (x) would be less than, say 1/8 at every 
point in the interval (0, 1); this show nonuniform convergence of the 
constructed series. 


Hence if uniform convergence of a series of continuous functions 
is in general not a necessary condition for continuity of its sum, a 
very important class of functions exists, for continuity of whose 
sums this condition is necessary. They are series with non-negative 
terms (and, in general, series with constant signs). In fact, let us 
assume that the series (1) has a continuous sum s(x) in the interval 
(a, b); let all w, (x) be continuous in (a, b) and 


ty (x) >O(n=1,2,..3; aR % < ). 


Let < be an arbitrary positive number; a suffix n can be found for 
every point xin the interval (a, 5) such that 7, (x) = 5 (x) — 5a (x) <<; 
and since the function 7, (x) is 
evidently continuous, this equ- 
ation which holds forthe point 
x should, according to the 
lemma § 23, also remain valid 
in an interval which contains 
the point x within itself (or 
when this point is one of its 
ends, 7.e.*=aorx=)b). The 
set of all such subintervals constructed for all the points x in the 
interval (a, 6) will evidently cover this line. It follows from the 
theorem on finite coverage (lemma 2 § 18) that a finite sequence A}, 
Ao, -.», As of constructed subintervals exists which also covers the 


Fig. 48. 
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given interval (a, 6). It follows from the construction of the covering 
system of subintervals that for every subinterval A; (1 <4’ <5) 
there exists a suffix nm, such that 

Yn, (x)< ¢ 


for all points x in the subinterval Ax. But since all u, (x) are non- 
negative, therefore 7, (x) can only decrease as n increases ; hence if we 
denote by m the greatest of the s numbers 1, my, ... , ms, then the 
inequality 
ln (x) cd € 

will hold for all the points in every subinterval A; and hence also 
for all points in the interval (a, 5). And {since < is arbitrary, this 
proves uniform converzence of the series (1) in the interval (a, 5). 


Theorem 2. Jor the series (1) whose terms are continuous and non- 
negative in the interval (a, b) uniform convergence is the necessary and suffii- 
cient condition in order that the sum of the series should also be continuous in 
the interval (a, b). 


§ 75. Term-by-term integration and differentiation of series 


We know from integral calculus that the sum of a finite number 
of functions integrable in the interval (a, b) is also integrable in 
that interval and integral of the sum is equal to the sum of integrals 
of individual terms. Can this rule be extended to infinite series ? 
If all terms of the series 


ty (x) - Uy (%) +... 4 tn () +... (1) 


are integrable in the interval (a, 5) and if the series (1) converges at 
every point in this interval, can we maintain that the sum s(x) of this 
series is integrable in the interval (a, 5) and that. 


b b b b 
[scm dx = | Uy (x) dx + Ug (x) dx +... +| ln, (x) (dx) + 2.2? (2) 


If the equation (2) holds, we shall say that the series (1) can be 
integrated term-by-term in the interval (a, 5). If we denote the partial 
sum and the remainder of the series (1) respectively by sy(x) and r,(x), 
we evidently have 


b b b 
lim Snlx) dx = | s(x) dx, lim | rn (x) dx = 0 
n—> co —> © 
a a a 


and, conversely, either of these two relations leads to the relation (2). 
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It can be readily shown that term-by-term integration of series 
-of functions is not always possible. In future we shall assume for the 
sake of simplicity that the terms of the series (1) are continuous in 
(2, 6), for many different complications’ can occur even with this 
restriction. It may at first happen that the sum s(x) of the series (1) 
is not integrable in the interval (a, 6), Let us consider the following 
example (in which we shall define the functions s,(x), as we know 
that the terms w,(x) of the series (J) are defined directly and uniquely 
with reference to them). Let us assume that 


Sn (x) > 


| 
o—™~ 
a|[- 
x 
s 
I\ 
Se 


the graph of the function y = 5,(x) is shown in Fig. 49. For every 
x>0 we have s,(x) =1/x, provided 1/n <x; _ therefore 


lim sp (x) = 1/x forevery x > 0 Ifx = 0, then s,(0) = 0 forany n 
n—> co 


and therefore lim s,(0) = 0. Hence the function s,(x) has for any 


n—> oo 
x (0 < x < 1) the following quantity as its limit : 
= (0<x<}), 
Ss (x) — x 
0 (x = 0); 


in other words, the series (1) converges at every point in the interval 
(0, 1) and its sum is the function s(x). The partial sums s,(x) and 
therefore also the terms u, (x) of the 
series are continuous and can there- 
fore be integrated in the interval 
(0, 1}. However, the function s, (x) | 

cannot be integrated in that interval. ae me 
In fact, since the function s(x) is non- i 
negative, we have for any «(0<«<1]) 


] I 


[ se dx 2 [ sc dx =: 


Fig. 49. 
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but In 1/« is as large as we please for a sufficiently small « and we- 
arrive at an obvious contradiction. 


it can happen on the other hand that the function s(x) is 
integreable, but the series on the right-hand side of the equation (2) 
diverges. Let us select the functions s,,() 
for n > 2 as follows: let s, (x) = O for 
x > 2/n and let s, (x) vary in the interval 
(0, 2/n) as shown in Fig. 50. We have 
5,(0) = 0 forany n; if, however, O<x<l, 
we have sn (x) = 0 for 2/n < x and there- 


fore lim s,(x) = s(x) = 0 at every point x 
n> © 


in the. interval (0,1) so that its sum is 
identically zero; but on the other hand, 
> the integral 

x 


1 
Fig. 50. | Cat 
0 


is equal to the area of an isosceles triangle shown in Fig. 50 and is 
therefore equal to n; we therefore have (assuming |for the sake of — 
generality that 5,(x) = w, (x) = Ofor0 <x <1) 


1 nf 


[ so) dx = | we (2) de = m3 
0 k=1 0 


hence the sum increases indefinitely as » — 00 and the series on the 
right-hand side of the relation (2) diverges. 


Finally it may happen that the sum s(x) is integrable and the 
series on the right-hand side of (2) is convergent,.but the equation (2) 
is not valid. To obtain an example of this kind it is sufficient to 
assume that the altitude of the triangle shown in Fig. 50 is equal to - 
n instead of n? and retain the former definition of the function s,(x). . 
We then have, as before, s(x) = 0 (0 < x < 1) and consequently 


| >) dx = 0; 
0 


but now 
1 


n 
[ss (x) dx = ) | iy, (x) dx = 1 i 235 ea) 
=1 0 


0 k 
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the right-hand side of the equation (2) is equal to unity and the left- 
hand side equal to zero. 


We shall now show that neither of the cases considered above 
hold for uniformly convergent series which can therefore aiways be 
integrated term-by-term. 


Theorem 1. Jf all terms of the series (1) are continuous in the interval 
(a, b) and if this sertes converges uniformly in that interval, then the relatiom 


(2) holds. 


| Proof. Uniform convergence of the series (1) at first implies. 
continuity and therefore also integrability of its sum s(x). More- 
over, no matter how small ¢ > 0 be, we have for a sufficiently 
large n 


Im@l<e  (a<x<d). 
Therefore for sufficiently large n 


. b 
[Jee] < JI taler< =a 


hence 


and this, as we have said before, is equivalent to the relation (2). 
‘Theorem | is thus proved. 


Uniform convergence ofa series of continuous functions which. 
is a sufficient condition for term-by-term integration of the series is, 
however, not the necessary condition for this purpose. This can 
be readily shown with reference to the example considered in § 74 of 
a non-uniformly convergent series 


Soc(gey ae” Sage s(x) = 0 (O<x* <1). 


Here. 
1 


1 
it J 
[ so dx = ai oe s(x) dx = Q, 
0 0 
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-and therefore 
1 1 
lim Sn (x) dx = | s(x) dx; 
0 


n—> co 
0 


this relation, as we know, is equivalent to the relation (2); hence the 


series can be integrated term-by-term, although its convergence 1s 
non-uniform. 


Finally we shall make the following remark. If the terms of 
the series (1) are continuous and the series is uniformly convergent in 
the interval (a, 5), then the same condition also holds for any interval 
(a, x), where a <x <b. We therefore have 


(y= funy) wy. (3) 


n=la 


RSs 


‘The terms of the series on the right-hand side of this equation are 
functions of x, which are continuous in the interval (a, 6). Denoting 
the remainder of this series by R, (x) we evidently have: 


x 


Rn @)=[b (y) — sn (yp) dy =| tn (y) dy; 


a 


let n be so large that im, (»)|< <(a <y <6); in that case for 
axxnxssb 


| Rn (x) | <| lid <e (e— a) <<2(b — a). 


This shows that the series (3) converges uniformly in the interval (a, b). 
We thus arrive at the following proposition which can be regarded 
as a generalisation of theorem 1. 


Teorem 2. Jf all terms the series (1) are continuous in the interval 
(a, b) and the series converges untformly in that interval, than the relation 
(3) holds uniformly fora <x <b. 


Finally let us consider the problem of term-by-term differen- 
tiation of series of functions. The implications of this problem are 
already clear to us. The sum ofa finite number of functions diffe- 
rentiable at a given point x is also differentiable at that point and 
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the derivative of the sum is equal to the sum of derivatives of individual 
terms. We want to know, under what circumstances this condition. 
can be extended to infinite series of functions. 


Let the series (1) converge at every point in the interval (a, 5) 
and let all terms of this series have continuous derivatives in that 
interval. Let us assume that the series 


uy’ (x) + ug’ (x} +... Buy’ (x) +... (4) 


is uniformly convergent in the interval (a, 6). Let us denote by s (x) 
the sum of the series (1) and by ¢ (x) the sum of the series (4). It 
follows from theorem 2 that we have fora <x <b: 


[oe] 


[mn (y) dy = )} [u, (x) — u, (a)] = 


n=] 


in Ron: 


[ i(y) dy= 
a 1 


n 


OO 


=) un (x) — Fun (a) = 5 (x) — 5 (a). 


n=1 n=] 


It follows from a well-known property of integrals that the left- 
hand side of this equation is differentiable with respect to x and its 
derivative is equal to ¢ (x); we therefore conclude that the function. 
s (x) is differentiable and 


s(x) = t (x)= yt’ (x) (a<x<b), 
n=1 
i.e. the series (1) can be differentiated term-by-term at the point x. 


We have thus proved the following proposition : 


Theorem 3. Let the series (1) converge at every point in the interval 
(a, b) and let its sum be equal tos (x) (a <x <4). Lf all terms of this 
series have continuous derivatives in the interval (a, b) and if the series (4) is 
uniformly convergent in that interval, then the function s(x) also has a conti- 
nuous derivative in the interval (a, b) and 


co 


s’ (x) =} un’(x) (a<x<d), 


n=1 


i.e. the series (4) can be differentiated term-by-term at every point in the 
interval (a, b). 
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Hence uniform convergence of the series (1) and not of the 
‘series (4) which is composed of derivatives of terms of the series (1) is, 
in this case, the necessary condition for term-by-term differentiation. 


As a rule the condition established by theorem 3 is very con- 
venient when applied to concrete series; in practice ‘term-by-term 
differentiation of many series isestablished by means of this condition. 
It must be noted that differentiability of the sum s (x) of the given 
series is not assumed in theorem 3 but proved on the basis of the 
conditions of the theorem. 


For exercises to § 75 ¢f. Problem Book by B. P. Demidovich, 
Section V, Nos. 287, 294, 295. 


CHAPTER X.. 
POWER SERIES AND SERIES OF POLYNOMIALS 


§ 76. Region of convergence of a power series 


Among various functions studied in mathematical analysis the 
‘simplest and theoretically and practically most important class is the 
so-called power series, i.e. series of the type 


ado + a,x + Ayx" + aoe + a,x" + see yg (1) 


where dp, 41; , 4, are constant real numbers; sometimes a more 
general expression of the following kind is also called a power series : 


Ay + a, (x — a) + ag (x — a)? + 0. tay (x — a)” 4+ 0.., 


where a is a constant real number. The importance and simplicity 
of this type of series is first of all due to the fact that the partial 
sums s,(x) of the power series are expressed in terms of ordinary 
polynomials; therefore if the series (1) is convergent, its sum s(x) 
which is, in general, a very complicated function, can be expressed 
-approximately by a polynomial; the accuracy of this approximation 
-can be as high as we please, provided we take a polynomial of a 
sufficiently high degree (7.e. the partial sum s,(x) with a sufficiently 
large n). 


As with any other series of functions, we must at first study the 
region of convergence of this series, t.e. the values of x for which this 
-series will converge and the values for which it will diverge. We 
have noticed in the previous paragraph that the region of convergence 
of some series of functions can be represented by a set of very 
complicated structure; we shall now learn that region of convergence 
of a power series always has a very simple form which considerably 
simplifies the study of this class of series. 


351 
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The general form of region of convergence of a power series. 
depends on the following important property of series of this class. 


Theorem 1. Jf the series (1) converges for x = %, then it conver- 
ges absolutety for every value of x for which 


[xl < al. 
Proof. It follows from our assumption on convergence of the 
series 
Ay aya + aga? +... + ana” +... 


that a, «" —» 0 for n — o; this, in its turn, implies existence of a. 
number c so that 


la,a" |<e¢ Ge Te 2 8) 
Let us now assume that} *!|<{/«!', In that case whenn > I 
[ye | x |2 
Lag” |= Jaya . | 2g)" 
of 0 


Since the progression 


is convergent, it follows from theorein | § 68 that the series 


3 | Anx” (. 
n=1 


is also convergent and this implies absolute convergence of the series: 
(i). The theorem is thus proved. 


The geometrical picture which illustrates theorem | implies 
that if the power series converges at a point « on the number line, 
then it will converge absolutely at any point closer to O than a. Let 
us now find the form of region of convergence of a power series in 
the light of theorem 1. 


1. Every power series (1) converges at x = 0, for at that point 
all terms except the first are equal to zero. Hence the point x = 0: 
belongs to the region of convergence of every power series, Can it 
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happen that the series (1) diverges for any x # 0, i.e. its region of 
convergence consists of a single point x = 0? The series 


Lt ow f+ 270743398 +o ttm +t e.. 
shows that this is possible; in fact, if x 4 0, then for n > 1/}x| 
[nex | SS) ae Ss 


the n-th term of the series n"x” does not tend to zero for n + oo and 
the series diverges. Hence the region of convergence of a power 
series can consist of a single point x = 0. 


2. The opposite limiting case arises when the series (1) conver- 
ges for every value of x, 7.e. when the whole number line is its region 
of convergence; the fact that this case is also possible can be seen 
from the series 


since we have for n > 2| x| 


hoa ali 


a ar 


therefore for every value of x the terms of this series have a smaller 
absolute value than the corresponding terms of a convergent geo- 
metrical progression for all sufficiently large x; this, as a result of the 
principle of comparison of series, proves convergence of the given 
series. 


3. In all other cases there exist values of x 4 0 for which 
the series (1) converges and other values for which it diverges. 
Let us at first prove that the region of convergence of theseries (1) is, 
in this case, a bounded set. In fact, let « be an arbitrary point of 
divergence of the series (1); it then follows from theorem 1 that the 
series (1) should diverge for every value of x for which |x] > | «| 
and therefore each point of convergence of this series must satisfy the 
inequality 

lx] <[@], 
which proves that the points of the set of convergence are bounded. 


Let us denote by 7 the upper bound of the set of points of con- 
vergence of the series (1), which exist as we have just proved. We 
say that the series (1) is absolutely convergent when |x| <r and that 
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it diverges when |x| > 7. The latter is evident from the definition 
of the number 7. Tojprove the former let us assume that |x| <r 
and that 


r—|x] =A>0. 


Since 7 is the upper bound of the set of points of convergence of the 
series (1), a point of convergence y can be found such that 


yror—-A=|sI. 


It then follows from theorem | that the point x is a point of absolute 
convergence of the series (1), which was to be proved. 


Hence if the region of convergence of the series (1) is not res- 
tricted to a single point x = 0 and if it does not include the whole 
number line, then an 7 > 0 always exists such that the series (1) con- 
verges for | x| < 7 (i.e. in the interval (— 7, + r)) and diverges for 
|x] > 7 (i.e. outside that interval). 


So as not to exclude the other two cases which we have consi- 
dered above, it is always very convenient to consider in the first case 
the point 0 to correspond to the interval (— 7, + 7) forr = 0 and in 
the second case the number line (or similar interval) for r= + o. 
Having accepted this we can formulate the result without exceptions. 


Theorem 2. There exists a number r(O0 <r < + o) for every 
power series such that the series converges absolutely for |x| <r and diverges 


for |x| > 7. 


The number 7 is said to be radius of convergence and the interval 
(— 7, + 1) interval of convergence of the given series ; we shall consider 
somewhat later, whether this interval should be open or closed. 


We can thus see that region of convergence of power series is 
always an interval with centre at the point 0; in some cases this 
interval may reduce to the single point x = 0 or it may include the 
whole number line. Hence one of the basic problems in the theory 
of power series is to determine radius of convergence of the series (1) 
from its ‘‘coefficients”’ a, (n = 1, 2, ...). 


Modern science can solve this problem in the most general 
form, but we cannot consider this general solution here. We shall 
only consider one particular case which gives the desired result in 
many practical problems. 
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Theorem 3. Let the coeffictents of the series (1) be such that 
| 
|Z n+ 


| 
| > basa 00 ; 
| an 


an that case 


= ifO<1<+ 0, 


~ 
a eee 


co, ifl=)0, 
[ 0, ifl =o. 
Proof. Let 0 </< + o; in that case, asn-—> 
Anu X™ 1 Gant 
rae a — ras et ak (2) 


and 


Jel <4, Ejx| <1; 


the series (1) converges absolutely at the point x-in accordance with 
the test 2 (corollary) § 68. Conversely, if 


1 
| x | St | A ol, 


oo 


the series y | a, x" | diverges at the point x in accordance with the 
n=1 
same test;, it therefore follows that 


bsharees 
=a 


When / = 0, the relation (2) shows that for n — oo and for 
every x 
Gna xett 


7 n 


— 0, 
| Qn x 


and therefore, in accordance with the same test, the series diverges. 
for every x andr = + ©. 


Finally when / = + oc, we have for every « #0 


n+1 
ao ea 


, | © (n> ©); 


the series (1) diverges for every x # O andr = 0. , 
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Example 1. Let us consider the series 


where s is an arbitrary real number. Since for n > oo 
‘ ue + aed = (1 a =) — 1, 


therefore it follows from theorem 3 that the radius of convergence 7 of 
our series is equal to unity for every s. 


Example 2. Consider the series 


n=(Q 
When n > 1, ' 
pasts ; 
(n+ 1)! 1 
=a ae > 0 (n> 00) 
ni 


, , n™ , 
Hence the radius of convergence of the series er is equal to: 
n=Q ; 
= -+ 00, i.e. the series converges for every value of x. 


Should the interval of convergence of the given series be open 
or closed? In other words, does the given series converge or diverge 
at the pointsx = — randx =r? 


These simple examples show that there is no single answer to 
these questions. Some series are convergent at both ends of the 
interval of convergence so that the closed interval (— r, +r) serves as 
the region of convergence; other series, however, diverge when x = 7 
and x = —r and therefore the open interval (— 7, +1) is the region 
of convergence for these series; finally there also exist other series 
which converge at oné of the two ends of the interval of convergence 
and diverge at the other so that their region of convergence is the 
““semi-open” interval (— 17, +7). 


POWER SERIES AND SERIES OF POLYNOMIALS 357 


Let us now consider corresponding examples. 


Example 3. The series 
x x? a 
I+ + 5 ae Spm eres 
has, according to example I, a radius of convergence equal to unity, 


and it is therefore absolutely convergent at both ends of the interval 
of convergence. 


Example 4. The series 
x x a” 
Saas hr aa ae Se +o. 


has, according to example 1, a radius of convergence equal to unity. 


When « = — I, we obtain the Leibnitz series 
1 1 1 
1 saat a ar a tae 


which, as we know, is conditionally convergent. When x= 1, we 
obtain the (divergent) harmonic series. Hence the region of conver- 
gence of this series is the semi-open interval (— | <*< 1). 


Example 5. The geometrical progression 
Ptaetxrtti bom... 


has a radius of convergence equal to unity and diverges at both ends 
of the interval of convergence. 


For further exercises cf Problem Book by B.P. Demidovich, 
Section V, Nos. 125, 126, 132. 


§ 77. Uniform convergence and its consequences 


We have seen in the last chapter that uniform convergence has a 
great influence on different properties of series of functions. Having 
established the general form of the region of convergence of power 
series, we shall now naturally study uniformity of this convergence. 


Can we say that any power series 
Ag + ax fue. tayx™+ ... (1) 


is uniformly convergent in the ofen interval (—r, +7), where 7 is the 
radius of convergence of this series? We have already seen by an 
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example of a geomerical progression that this statement would not be 
generally valid. In fact, the series 


Pte tet. tat t... (2) 


has the open interval (— 1, +1) as its interval of convergence; the 
remainder of the series 


ntl 
Ta(x) = >» xk = = 
k=o=n+1 


tends to zero as n — oo irrespective of x(—1< x < +1); however, 
no matter how large n be, 7, (x) > co for x > | and therefore no 
matter how n be, r1,(x) will be as large as we please, provided x is 
close to unity; hence convergence of the series (2) in the open 
interval (— 1, + 1) is non-uniform. 


However, the power series converges uniformly in any interval 
which, together with its ends, lies within the interval of convergence, 
as is shown by the following theorem : 


Theorem 1. [fr is the radius of convergence of the given series and if 
O<r' <1, then the series (1) is uniformly convergent in the interval 


(—r’, +7’), 


Proof. Since r’ < r, the series (1) is absolutely convergent at 
the point « = 7’, z.¢., the following series converges 


Dilauless 
n=l 


but when { x| < 7’, we have: 


ie ae Oe a a (n. = 1, 2, ...), 
and it follows from theorem 2 § 73 that the series (1) converges 
‘uniformly in the interval |x| <r’; theorem | is thus proved. 


This theorem has many corollaries which are all important in 
the theory and applications of power series. At first it follows that 


Theorem 2. The sum of a power series is continuous at every interior 
point of the interval of convergence. 


In fact, every interior point of the interval of convergence 
can be confined with in an interval which, together with its ends, lies 
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within the interval of convergence. It follows from theorem 1 that 
the series will converge uniformly within this interval and, according 
to theorem I § 74, its sum is continuous. 


Moreover, owing to the fact that a uniformly convergent series 
of continuous functions can always be integrated term-by-term 
(theorem 1 § 75), it follows from theorem | that 


Theorem 3. Af any interior point x of the interval of convergence of 
the series (1) 


x [ee] x (oe) 

=ee = Gn ntl 
[sew a Via, | urdu Lai? ; 
0 n=0 0 n=0 


where s(x) denotes the sum of the series (1). 


As we know (theorem 2 § 75), this last series is uniformly con- 
vergent in any interval in which the series (1) is uniformly convergent ; 
hence it is also uniformly convergent in any interval which completely 
belongs to the interval of convergence of the series (1). 


Finally, the following proposition which establishes the possi- 
bility of term-by-term differentiation of a power series within its 
interval of convergence is of fundamental importance in the theory of 
power series and in all its applications. 


Theorem 4. The sum s(x) of the power series (|) is differentiable at 
every point inside the interval of convergence (—r, +1) of thts sertes ; the series 


Na xe, (3) 


ipas 


n 


obtained as a result of term-by-term differentiation of the serves (1), has the 
same radius of convergence r and its sum is equal to s’ (x) (|x| <r). 


Proof. Let the numbers p and pf’ satisfy the inequality 
0<ep<e’<~r. It follows from example | § 76 (s = 1) that the 
series 


»} nan 
n=1 


is convergent for 0 <A < I so that assuming 


A= 


p 
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we have : 


and therefore there exists a number independent of ¢ > 0 such that 


d (Sy Se. nesods 


Having established this result we now note that 


1 a / ¢ f 
nlan|ert=— (=) lanl e™ <—- lan} er" 


since ep’ < 7, the series 


co 


(aloes 
1 


tf od 


is convergent; but in this case the last inequality shows that the 
series (3) is also (absolutely) convergent for x =. And since.p can 
be as close to 7 as we please, the radius of convergence R of the 
series (3) is not less than 7. Hence theorem 1 shows that the series 
(3) is uniformly convergent in any interval - p<x*x< pifO<p <r. 
But in this case we can maintain on the basis of the general theorem 
3 § 75 that the function s (x) has a derivative equal to the sum of the 
series (3) for — r <x <r. Yo conclude the proof of theorem 4 it 
only remains to show that R= 7. This follows from the fact that 
the series (1) obtained as a result of term-by-term integration of 
the series (3) from 0 to x should, according to theorem 3, converge 
for — R < x < R; therefore 7 > R; and since we have already found 
that R > 1, therefore R = r, and theorem 4 is proved 


Many important and far-reaching conclusions can be drawn 
from this theorem. At first this theorem shows that the sum s (x) of 
a power series within its interval of convergence is always not only 
continuous but also differentiable. And since in this case the function 
5’ (x) appears to be the sum of a power series with the same interval 
of convergence ( —-7, +r), we can again apply theorem 4 to this 
function. ‘This shows that the second derivative s” (x) of the function 
s(x) exists at every interior point of the interval ( —7, +7) and 
is the sum of a power series resulting from the second term-by-term 
differentiation of the series (1). It is obvious that this argument can 
be continued ad infinitum and it leads to the following general result: 
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Theorem 5. If r is the radius of convergence of the series (1), then its 
sum s(x) has derivatives of all orders at every interior point of the interval 
( — 7, + 7) and the function s\™ (x) (n = 1, 2, ...) is the sum of the power 
series obtained as a result of n term-by-term differentiations of the series (1) 
and has the same radius of convergence r : 


™) (x) = > K(k — 1)... (kK —n+ Ijaz, x®™(—r<x< +r) (4) 
k=n 


For exercises to § 77 cf. Problem Book by B.P. Demidovich, 
Section V, Nos. 191, 192, 226, 200. 


§ 78. Expansion of functions into power series 


We have so for only investigated series which were given to us; 
we have found their region of convergence and studied the properties 
of their sums. However, in applications we are frequently dealing with 
the converse problem; we are given a function s(x) and it is requied 
to find if this function can be sum of a power series in the given 
interval (or, as it is usually said, if it can be ‘“‘expanded into a power 
series’); if an expansion is possible, the question arises to find the 
coefficients of this series and determine its radius of convergence. 
We shall deal with these problems in this paragraph. 


At first theorem 5 § 77 shows that the function s(x) can be 
expanded into a power series if this function has derivatives of all 
orders at every point in the given interval (which we can assume to 
be of the form ( — 7, + 7), 7 > 0). This considerably narrows down 
the class of functions which can be expanded into power series; 
however, we must keep in mind that all elementary fuctions satisfy 
this requirement and, therefore, from a practical point of view, this 
condition is not so restrictive. Let us assume that the function s (x) 
satisfies this requirement, i.e there exist s™ (x) for every n > 0 
(s (x) = s(x)) and for everyx(—r<«< +r). If s(x) can be 
expanded into a power series 


s(x) = Yi axt, (1) 
k=0 


then, as we know, the relation (4) § 77 would hold for the function 
s™ (x)(n = 0, 1, 2,...). Ifx = 0, this relation gives : 


s™ (0) =nlan (n = 0, 1, 2, ...) 5 
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hence 


ss) (0 
co Caer eee (2). 
Thus the coefficients a, of the power series whose sum is the function - 
s(x) are uniquely determined in terms of this funceion by means of formula (2). 


This result is of great theoretical and practical importance. It 
shows from the theoretical point of view that every function s (x) can 


have only one power series whose sum in an interval is equal to s(x) ; 
in other words, two power series which converge in a given interval ’ 
always have different sums in that interval. From the practical point 
of view this result enables us to calculate readily and easily the coefli- 
cients of the power series represented bys (x); evaluation of derivatives 
of all orders of this function at the point x = 0 is only necessary for 
this purpose. 


Hence if the function s (*) can be expanded into the power 
series (1), this series always has the form 


co 


(x) 
ca Co pe ie (3) 


k=0 


The series (3) for this function is known as the Maclaurin series 
of this function regardless of its region of convergence and irrespec- 
tive of whether its sum does or does not coincide with the function 
s (*). Hence every function with derivatives of all orders at x = 0° 
has a Maclaurin series; evidently this does not yet solve the problem 
of expanding the function s (x) into a power series, since 1) the series - 
(3) may be divergent for every x 4 0 and 2) if this series converges, 
its sum may be a function other than s (x). All that we know so far 
is restricted by the fact that if the function s(x) can, in general, be ex- 
panded into a power sertes, this sertes should be its Maclaurin series. 


However, this restricted result is very important. Until we 
have obtained this result, we could not find expansion of the function 
s (x) into a power series, for we had no information about the coeffi- 
cients of a possible series of this kind ; now we are already studying 
a definite concrete series (3) and we must find its region of conver- 
gence and also find whether its sum coincides with the function s (x). 

-in this region. 


POWER SERIES AND SERIES OF POLYNOMIALS 363 


We have already met the partial sums s,, (x) of the Maclaurin 
series in Chapter IX and at that time, as also now, we were interested 
in finding the difference s (x) — 5, (x). However, our new problem 
differs essentially from the old one. In Chapter IX we were not deal- 
ing with infinite series ; we were only interested in finding the differ- 
ence s (x) — s, (x) for a constant n and a sufficiently small x, and for 
this purpose we developed different special expressions for the quan- 
tity s(x) — Sy (x) =7rqy (x) which we called the “last term” of the 
Maclaurin formula. Now we are mainly interested in convergence 
of the series (3) with regard to the function s (x), i.e. we are interested 
in finding the same last term 7, (x) for the given x andn— o. The 
special expressions for the last term developed in Chapter IX canalso 
be used in this new problem. We shall have many examples of this 
kind later. At present we must emphasize again that in order to 
establish possibility of expanding the function s (x) into a power series 
we cannot be satisfied by existence of derivatives of all orders for this 
function alone but we must also prove that the Maclaurin series is 
convergent (which is very easy); we are compelled to study the 
behaviour of the difference 


” (n) 
ra (x)=s (x)—| 5 (0)-+5 Oe att SO ae] 


2! n! 


asn-—-> oc. In fact, it can happen that the Maclaurin series cons- 
tructed for the function s (x) is convergent, but its sum is other than 
s(x). For this purpose let us consider again the function which we 
have considered in § 41: 


= gue (x  Q), 
eG)= fo (x = 0), 


for which 9 (0) = 0 (n = 0, 1, 2,...). If the function s (x) can 
be expanded into the power series (1) (which, as we know, coincides 
with its Maclaurin series), then the function 


s* (x) = 5 (x) + «¢ (x), 


where « is an arbitrary constant real number, evidently has the same 
Maclaurin series as the function s (x); according to our proposition 
the sum of this series is equal to s (x) and is therefore other than 
s* (x) (if 4 0). We have seen above that the power series into 
which our function can be expanded is uniquely determined (as its 
Maclaurin series) ; now we see that, conversely, one and the same series 
can serve as the Maclaurin series for an infinite number of different functions. 
If the sum of the series is equal to one of the functions of this family, 
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then the Maclaurin series of any other function f (x) belonging to 
the same family will be convergent, but its sum will be other than / (x) 


Let us finally remark that we have mentioned at the beginning 
of this chapter series of the following type : 


ay+a,(x—a)+a,(x—a)*? +... +ay (x—a)"*+..., (4) 


where a is a constant real number; the substitution of the variable 
x = a+ y transforms this series into the simpler form of a power 
series 


therefore all properties of power series established above can be 
extended with slight modifications to series of the type (4). The 
region of convergence of the series (4) is always an (open, closed or 
semi-open) interval of the form (a —r,a+r)(0O<r<+o). If 
s (x) is the sum of the series (4), then s ‘ (x) exists for every n > 0 
and for every x (a--r <x <a-+pr) and 


=v (n = 0, 1, 2, ...), 


so that the series (4) is Taylor’s serves for the function s (x) : 


5(x)=s(a) + st) le 


— 0) 8 eae any... 


We shall now consider how some other important elementary 
functions can be expanded into power series. In many cases the 


possibility of this expansion is established by means of the following 
general proposition : 


Theorem 1. Jf there exists a positive number such that 
[oy | eee. ir ee = he nO 12a); 


then the function s (x) can be expanded into a power series in the interval 
—rix<cn 


Proof. We have seen § 39 that the last term of the Maclaurin 
series can be represented in the form 


re (x) = 2 yi (x) (<<). 
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Hence when — r < * <7, 


Cynet . 
ta (x) |< Gai 


n 
But for any 7 > 0 we have — —'0 (n> 00); this follows directly,. 


say, from the convergence of the series 


tee) Fe 
La 
n=0 
(example 5 § 76). Therefore when — 7 < x <1, 


tr (x) +0 “(n> 00), 
and, consequently, 
as (2) (0 
(x) = PO w (Ll r<x <n, 
n=0 


which proves theorem 1. 
For the functions s(x) = sin x and s(x) = cos x we have: 
(sw) | <1 (-o <*e < +0, n=0, 1, 2, ...); 
these functions can therefore be expanded into power series which: 
converge along the whole number line. 
For the functions s(x) = e” we have in any interval —r<x<r 
| s™ (x) [=e < ef a0 12. an) s 


hence the functions e* can be expanded into a power series for 
—r <x <rand therefore also along the whole number line, since 


the number, > 0 is arbitrary. 
We know from § 39 the coefficients of the Maclaurin series for 
the functions sin x, cos x and e”; therefore we can simply write : 


3 x? gent 


; x x 
sin x = Ty — 3 + <a ot (—1) (nt)! se 


x2 x1 . yen 
cosx = 1 — or -+- ge eh) (Qniyl tote 
x x x” 
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For the function s(x) = 1/(1 +.) we have for x > — 1 
n! 


1s (x) | = (1 4x — 


co (n>), 
and theorem 1 does not hold. We know, however, that the Maclaurin 
series for the function s(x) 

l—xtr — 8 +... 


has a radius of convergence equal to unity and its sum is equal to 
s(x) for|x|< 1. Owing to the fact that for x > — 1 


x“ 
du 
[Aamato, 
0 


it follows from theorem 3 § 77 that we have for -- 1 < * < 1 


x foe) x eo 
d _ nm yn+l 
In kt) = cat _ 2 (=| w du= _ S a 
0 n-=0 @) n=O 


x x x8 xn 
=" 7 -_ + ran er) ; a n—l arity aise 


the radius of convergence of this series is equal to unity (cf example 
-4 § 76); hence the function In (1 + x) can be expanded into a power 
series only in the interval (—1, +1). Similarly the series 


1 
ips Lr, 
n=0 


whose radius of convergence is unity, can by means of integration be 
expanded into the following series 


co 
( —_ 1)” enti x3 


x x? 
ne I Sp ge ge et ee 


arctan x« = 


n=0 
‘which is also convergent in the interval (—1, +1). 


We have obtained expansions of the functions In (1 + x) and 
arctan x into power series by means of the same method and both 
these series converge only in the interval (—1, +-1).. However, there 
_is an essential difference between them. ‘The fact that the expansion 


POWER SERIES AND SERIES OF POLYNOMIALS 367 


of the function In(1 + x) cannot be continued beyond the interval 
(~—1, +1) is intelligible, since the functionIn (1+-*)—— © for x>— 1 
and In (1 + x) is void for x < — 1; on the other hand, the function 
arctan x is defined and has derivatives of all orders along the whole 
number line; nevertheless, its expansion into the Maclaurin series is 
possible only in the interval (— 1, +1). 


Finally, let us consider expansion of the function s(x) = (1 + «)* 


into a power Series, where « is an arbitrary constant real number. 
We have : 


s™ (0) =a(o — 1)... (a —n+ 1), 


which gives us the following expression for the coefficicnts of the 
Maclaurin series for the function s(x) : 
ee ae ST) elena) (n = 0, 1, 2, ...). 


n! 


If « is zero or a natural number, then all a, vanish from a certain 
number onwards, and the resulting Maclaurin series simply coin- 
-cides with Newton’s binomial formula. However, for all other values 
of « the coefficients a, are non-zero and we obtain an infinite series. 
We can evidently restrict ourselves aad only consider this case. 


Since 


Qnt1 |% — nN 


a, | ‘int 1 


—> | (n> 00), 


‘therefore, according to theorem 3 § 76, the radius of convergence of 
‘the Maclaurin series for the function s(x) is equal to unity. Hence 
beyond the interval (—1, +1) this function cannot be expanded into 
a power series. We will now show that expansion is possible in 
‘this interval, 7.e. when | x |< 1, 


1+ a(x —l1)... (x—n+1) 


n! 


n= Lae), 


n=1 


For this purpose we shall use the expression for the last term of the 
Maclaurin series obtained in § 39 : 


where 0 < 9 <I. In our case 


oY (x) = alo — 1)... (a — nl + xy," 
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and consequently 


Tn (x) = ——— a(x — 1)... (a —n)(1 + 6x) = 
_ («—1) (e272) -(a-l1—-n+l) , 


.ax (1-+6x)%1 =) 


n} 
Since x > — 1, thereforeO < 1 — 9 <1 + 6x and 
1 — @ 


further, @ only depends on n in the expression ax (1 -+ x)*"1; but 
since we always have 0 < @ < 1, the expression | «x(1 + 6x)*-1| is 
always confined between the positive numbers 


ax | (1 + |x|)? and | ax | (1 — [x 1)%7, 


which are independent of n; hence denoting by & the larger of these 
two numbers we have for every n 


| ax (1 + ax)*-1| <&. 
We thus obtain the evaluation 


I) (a — 2)... (@—-1—n+1),, 


7 
n} | 


rele) | <b AE 
on the right-hand side the coefficient of & represents the absolute 
value of the n-th term of the Maclaurin series for the function 
(1+x)%1; but we have shown that this series converges for every 
index if | x | < 1; therefore the n-th term of this series should tend 
to zero as n — oo and we obtain 


Tn (x) > 0 (n-> oo), 
which was to be proved. 


In conclusion to this paragraph we shall review once again (ina. 
condensed form) the expansion of several important transcendental. 
functions into Maclaurin series : 


nn 
c= et (—o<x<+oo).. 
n=0 
. = entl 
sinx = V(— 1)" orgy (—c0< x <400). 
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yon 
cos x = bi 1)” Gayl (—o< * <+00). 
ru= 


xntl 


n-+1 


In (1-+x) =) (— 1 (—1< x <1)*). 
n=0 


oe) 


arctans = iD (—1)" , 
n=0 


ent 


ergs (—l< « <])*). 


(1+x)*=1 4 yen oath) x" (—l< x <1)*). 
n=1 


These expansions occur frequently in applications and they 
must be remembered by heart like tables of derivatives or tables of 
primitives of simple functions. 


For exercises to § 78 ¢f. Problem Book by B. P. Demidovich, 
Section V, Nos. 140-143, 149-154, 163, 169, 171, 173, 178, 187, 189. 


§ 79. Series of polynomials 


We have already said that one of the main advantages of ex- 
panding functions into power series is the approximate representation 
of these functions in terms of polynomials. In fact, if an arbitrary 
function f(x) can be expanded into a power series which converges 
uniformly tof (x) in the interval (a, b), then for « > 0, which can be 
as small as we please, and for a sufficiently large n we have 


[f(x) — sn(e)|<e (aK % < 3), 


where 5, (x) are the partial sums of the power series, which are there- 
fore polynomials. In this connection it is important to note that the 
theory of power series not only enables us to establish possibility of 
the approximate replacement of functions by polynomials but also 
makes it possible to find these polynomials by expressing their coefli- 
cients in terms of the function f/ (x) and its derivatives at x = 0. 


*) The behaviour of the series shown above at the ends of the interval of 
convergence can be established by a more detailed investigation which we do not 
give here. : 
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Thus if the expansion of a function into a power series makes 
it possible to express it approximately in terms of polynomials of a 
sufficiently high degree with as great an accuracy as we please, it is 
equally interesting to find if the converse proposition is also true; we 
already know that a comparatively restricted class of functions can 
be expanded into power series; for example, such functions must 
have derivatives of all ordcrs, and even this restrictive condition is 
not sufficient. If uniform approximation in terms of polynomials with 
as high a degree of accuracy as we piease could only be applied to 
functions which can be expanded into power series, the scope of these 
approximations would become very restricted. 


We shall now agree to say that the function f(x) permiis uniform 
approximation in terms of polynomials in the interval (a, b,) if there exists 
a polynomial P (x) for arbitrarily small « > O such that 


lf} — P(x)|<e¢ (a<x <b). 


We have already s€en that a function which can be expanded 
into a power series permits uniform approximation in terms of poly- 
nomials in every, interval which lies entirely within the interval of 
convergence of the given series. However, a power series is a parti- 
cular case of a series of a more general type 


ree (1) 


whose terms are composed of arbitrary polynomials P, (x). Let us 
assume that the series (1) converges uniformly in the interval (a, 0); 
let us denote its sum by f (x) and its partial sums by s, (x). Accord- 
ing, to the definition of uniform convergence we have a value of n 
for every ¢ > 0 such that 


If (*) — sn (x) | <e (a<x <b), 


and since s, (x) is the sum of a finite number of polynomials, it is also 
a polynomial, and therefore it implies that the function f (x) permits 
uniform approximation in terms of polynomials in the intcrval (a, b) 
Hence a function which can be expanded in a subinterval into a 
uniformly convergent series of polynomials permits uniform approxi- 
mation in terms of polynomials in that interval. However, it can 
be readily seen that the converse proposition is also true. 


In fact, 
let the function f(x) permit uniform approximation in terms of 
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polynomials in the interval (a,b). In that case for every natural 
number n a polynomial Q., (x) can be found such that 


rf) 


|f-(x) — Qn (x) | <— (a= #< 5), (2) 


Let as assuine that 
P; (x) = Q, (x), P, (x) = Qa (x) — On- (x) (n> 1); 


in that case the partial sums of the series 


will be expressed by the polynomials Q,, (x) and, the inequality (2) 
shows that this series converges uniformly in the interval (a, 6) and 
its sum is equal to f (x). 


Hence uniform approximation of the function f (x) in terms of 
polynomials in the interval (a, 5) is equivalent to the fact that the 
function f (*) can be expanded into a uniformly convergent series of 
polynomials in that interval. We must now establish which functions 


permit this expansion. 


At firstit is obvious that this function must be continuous in the 
interval (a,b); in fact, since al! polynomials are continuous functions, 
therefore (according to theorem 1 § 74) the sum of a uniformly con- 
vergent series of polynomials in the interval (a, b) must also be conti- 
nuous in that interval. One of the most fundamental theorems of 
mathematical analysis is the converse fact discovered in the second 
half of the last century (by the German mathematician Weierstrass) 
that every function which is continuous in the interval (a, b) permits uniform 
approximation in terms of polynomials in that interval (or, what is the same, an 
expansion into a uniformly convergent series of polynomials). Hence by 
passing from power series to the more general type of series of 
polynomials we considerably enlarge the class of functions which can 
be expanded into such series; if it was earlier necessary that a func- 
tion should have derivatives of all orders, itis now no longer necessary 
to assume existence of even the first derivative. 


The theoretical and practical applications of Weierstrass’ 
theorem are so great that many different proofs were proposed for 
it from the time of its discovery; these proofs can be divided into 
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two groups: one group uses the properties of one or other special 
analytical apparatus in order to establish the theorem, while proofs 
of the second group are based on general considerations. Both 
groups are very instructive, for the arguments used in this connection 
find many applications in other analytical problems. In the next 
paragraph we give one of the simplest proofs of the first group ‘pro- 
posed by Academician S. N. Bernstein. 


§ 80. Theorem of Weierstrass 


Theorem. The function f(x) which is continuous in the interval (a, b) 
permits uniform approximation in terms of polynomials in that interval. 


Proof. 1. All proofs of this basic theorem which rest on a 
special analytical apparatus require the preliminary elucidation of 
the properties of this apparatus. ‘Therefore we must also in t .is case 
begin by giving the proof of an auxiliary elementary algebraic 
inequality. 


Lemma. for every natural number n and for every x the following 
inequality holds*) ~ 
n 
n 


ae (k — nx)? xE(L — x)" "<7 


Proof. Newton’s binomial formula gives us identically with 
respect to Z: 


Y) Gh zk = (1 + 2)"; (1) 
k=0 


differentiating with respect to z and multiplying by z this gives 


n 
>, kCE zk = nz (1 +z); (2) 
k=0 


the repetition of the same operation gives : 


n 


»} RCh ze = ng (1 + z)"2 4 n(n — 1) (1 4 zg) = 
k=0 


*) Here and in future we shall assume that x* — | forx = 0 and k =0; 
similarly when x = 1 and k =n, we assume that (l—x*)"-*=1, The dumpers 
C*, are binomial coefficients with their usual combination notation. 
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=az(l+zyrFP{l+z2+(a— z= 
= nz(l + nz)(1 + 2)"-°; 
assuming in the relations (1), (2) and (3) that 


8 
2 l1—*x 


and multiplying by (1 — x)" we obtain for x 4 1: 


n t 
y) Chat (1 — a) = 1, 
be 


y KCK xk (1 — x)"™-* = nx, 
k=0 
n 
3 2K xk (1 — x)P-k§ = nx (1 — x + nx), 
k=0 


(4) 


(5) 


(6) 


and a test shows that the equations (4), (5) and (6) are also valid for 


Ca 


Let us now add term by term the identities (4), (5) and (6), 
having multiplied the first by nx? and the second by —2nx. This gives : 


n 
Yl (tx? — Qnxk +h) Chak(1 — x) = 
k=0 


= n'x* — 2n®x* + nx(1 — x + nx), 


or 

n 

) (k — nx)? Chxk(L — x)™* = nx(1 — x), 
= 


and since for every real x 


1 


x(1 — x) Sy 


therefore the lemma is proved. 
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2. We shall now proceed to prove the theorem and begin by 
assuming that the given interval (a, 5) is the interval (0, 1); we 
assume that for every natural number n we have : 


n 


y ff ~.) Chxk (1 — x)o-* = B, (x); 


n 


B, (x) is evidently a polynomial of a degree not higherthan n*). We 
shall now note that B, (x) f(x) asm — © uniformly in the interval 


(0, 1). 


Let us denote by M the upper bound of the function | f(x) | in 
the interval (0, 1). Let ¢ be an arbitrary positive number so that the 
function f(x) is continuous (and therefore also uniformly continuous) 


in the interval (0, 1); there exists a positive number 65 in this case 
such that when 


ly —m|_<5,0<4 <10O<x% <1, 


we have 


| f (*1) — f(%) |<. 


Our immediate problem is to find the difference | By, (x) — f(x) | 
for0 <x <1. It follows from formula (4) that for every x 


Y) f(x) CE ak (1 — xy = f(x), 
k=0 


which makes it possible towrite the difference B, (x) — f(x) in a form 
convenient for evaluation 
n 
: k 
B@) — f= PL £(S)-se@ ]ostu-aes 
k=0 
hence forO0 <x < 1 
n : 4 
rk 
Ba) —F0O1< P| F(H)-s@| cea ae 
k=0 


*These “Bernstein polynomials” B, (x) make the special analytical apparatus 
whose properties are used in the above proof, 
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Let us divide all the numbers & (0 < k <2) into two groups : 
the group (A) contains the numbers & for which 
k 


| 
= | <5, (A) 
no” | 


and the group (B) contains those numbers & for which 


2 _x|>8; (B) 


hence in the inequality (7) y) is correspondingly broken up into two 
k=0 


sums which we denote respectively by Za and Xs. According to (A) 
we have in every term of 2a 


i 
t(G)-F@) 


< 6, 


and therefere 


n 
ye <e >. CR sk (| — x)n-F <e y) Cham (1 — x)= e. (8) 
k=0 


But in every term of the sum 2s we have : 
| k 
(k — nx)? > 28, f(4)-s| < 2M, 

and therefore 

< ee (k — nx)? CE xk (1 — x)Ph< 

Nn 
2M a k a n-k . 
a O52 y (k — nx)? Cox (1 — x)" * ; 
k=0 

hence it follows from the above lemma that 


M 
2 9 
ie < on 0) 


Finally we obtain from (7), (8) and (9) : 


M ° 
Bd —fOI<Y. + Las + aar 


376 A COURSE OF MATHEMATICAL ANALYSIS 


eased M 
if n is so large that abe < e, then 


| Ba (x) — f(x) | < 2 (0<x <1). 


and since « > 0 is arbitrarily small, we have uniformly in the interval 


(0, 1) 
B,(x) >f(*) (n> 0), 
which was to be proved. 


3. The extension of this theorem proved for the interval (0, 1) 
to an arbitrary interval (a, 5) (a < 6) involves no further difficulties. 
Let the function f(x) be continuous in the interval (a, 6). If we 
assume that x = a + (b — a)y, then y= (x — a)/(b — a) so that y 
traverses the interval (0, 1) while x traverses the interval (a, 5). Let 
us assume that 


S (x) = fla + (6 —a)y] = @ () (O<» <1). 


It is evident that the function ? (¥y) is continuous in the interval 
(0, 1). Therefore no matter how small e > 0 be, it follows from the 
proved theorem that there exists a polynomial P(y) such that 


|? (9) — P(x) | <e (0<» <1), 


or, what is the same, 


<€ (a<x<b); 


so ~ P(E 


but P ((x — a) /(b — a)) is a polynomial of the variable x which for the 
sake of brevity can be denoted by Q(x) so that 


If (x) -Q(*)|<@ @<x<d); 


since € is an arbitrarily small number, this implies uniform approxi- 
mation of the function f(x) in terms of polynomials in the interval 
(a, 5). This proves the fundamental theorem completely. 


We already know that this theorem is equivalent to the 
following statement : every function f (x) which is continuous in the interval 
(a, 6) can be expanded into a series of polynomials which is uniformly conver- 
gent in that interval. 


CHAPTER XXI 
TRIGONOMETRICAL SERIES 


§ 81. Fourier coefficients 


In this chapter we shall consider the theory of the so-called 
trigonometrical series; this is a class of series, which, after power series, 
is most important both in theory and application. <A trigonometrical 
sertes is a series of the type 


co 
a 
5 + Milan cos nx + b, sin nx), (1) 
n=1 
where 49, 41, G2, --. » 54, bg, ... are constant real numbers called the 


coefficients of the series (1). We shall see in this chapter that the 
properties of trigonometrical series are very different from those of 
power series and they are in some respects a more complicated and 
bulky apparatus for the study of functions they represent; however, 
in other respects they possess many advantages over power series. 
We cannot generally say which of these two classes of functions 
deserves precedence. ‘The answer depends at first on the form of the 
function which is being studied and also on the problems which have 
to be solved with regard to this function. We already know that in 
order to represent a function by a power series it is necessary that 
this function should have derivatives of all orders; on the other hand, 
in order to expand a trigonometrical function into a power series it is 
sufficient, as we shall soon learn, that the first derivative should exist 
and be continuous*) ; thus the class of functions consisting of trigono- 
metrical series is much wider than that of power series and this 
considerably increases the significance of trigonometrical series ; on the 


*) and even this condition is not always necessary. 
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other hand, as we know, the region of convergence of a power series 
always has a very simple form; it is an interval with centre at the 
point O. But the region of convergence of a trigonometrical series 
is generally a set of a very complicated structure and very sensitive 
methods are needed for its study, which we cannot consider in this 
book. In this respect power series have an advantage over trigono- 
metrical series. 


If we increase or decrease the variable x by 27, then all terms of 
the series (1) evidently remain unchanged; if the series is convergent, 
its sum will not be affected, hence the sum of the series (1) is always 
a periodic function with a period 27; if the function f(x) does not 
possess this periodicity, it can be represented by a trigonometrical 
series only in an interval less than 2x. This restriction is not 
necessary and can be readily avoided by a very simple method, as we 
shall see later. On the other hand, while studying trigonometrical 
series periodicity of its terms evidently enables us to confine ourselves 
to an arbitrary interval 27 in length; jn such cases we usually take 
the interval ~ m<« <7, 


The system of functions 
1, cos x, sin x, cos 2x, sin 2x, ... (2) 


which forms the basis of every series of the type (1), possesses one 
remarkable property which holds the main key to the theory of 
trigonometrical series and is the source of almost all advantages of 
this apparatus. This property is due to the fact that any two functions 
of the system (2) are muiually orthogonal in every interval 27 in length. 
The sere Ai(x) and f(x) are said to be mutually orthogonal in the 
interval (a, 6) uf 


b 
| fi) Fele) dy = 0 


If we have a (finite or infinite) system of functions in which any 
two functions are mutually orthogonal in the interval (a, 6), then this 
system is said to be an orthogonal system in that interval. In order ito 
prove that the system of functions (2) is orthogonal in evcry inter val 
27 in the length, it is evidently sufficient to show that 


cos mx cos mxdx = 0 (mAn;m,n = 0,1, 2, ...), 


>) eee, 
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[ sin mx sin na dv = 0 (m ~An;m,n = 1, 2,.. ), 


gv 
oD m 
[ cos mx sin nx dx = 0 (m = 0, 1, 2,... 32 = 1, 2, ...); 


but 
1 
COS mx COS Nx = “x {cos (m + n)x + cos(m — n) x}, 
sin mx sin nx = “5 {cos (m — n)x — cos (m+ n)x}, 
; are ; 
cos mx sin nx = > {sin (n + m)x + sin (n — m) x}. 


Hence the above three integrals can be written in the form of 
the following integrals , 


wT 


| cos kx dx, | sin lx dx, 


_—T 


where the integer £ is non-zero and the integer / is arbitrary; both 
integrals vanish, as can be readily shown by a simple calculation. ~- 


The property of orthogonality of systems of functions makes 
them a very convenient instrument in mathematical analysis, so that 
functions much more complicated than those entering the system (2) 
can be conveniently studied provided they form an orthogonal system. 
Modern science knows and uses many orthogonal systems and their 
theory is usually constructed on the lines of the theory of the system 
(2) and related trigonometrical series. 


In order to demonstrate the first simple application of orthogo- 
nality of the system (2) we shall now consider a problem for trigono- 
metrical series which is analogous to a problem solved earlier for 
power series: assuming that the function f(x) can be expanded into the 
trigonometrical series (1), find the coefficients ay, b; of this series. 


Let us assume that the series (1) is uniformly convergent in the 
interval (—z, =) and owing to periodicity also on the whole number 
line and that its sum is equal to f(x) so that we have 
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f(x) = 7 + Y) (azcos kx + 6, sin kx) (-x<x<n). (3) 
k=] 


Let n be an arbitrary natural number. Let us multiply all terms of 
the series (3) by the same function cos nx; the new series so obtained 
also converges uniformly in the interval (—z, 7), since the remainder 
of this series is equal to r; (x) cos nx and its absolute value does not 
exceed the remainder 7, (x) of the series (3); the sum of the new 
series is evidently equal to f (x) cos nx, so that we have : 


a 
a 


5 COS nx +- Va cos kx cos nx-+ by sin kx cos nx) 


k=] 


f (x) cos nx= 


(—z Cx <x). 


It follows from theorem | § 75 that this series can be integrated term- 
by-term in the interval (—7, =). The integral of the left hand side is 


[fe cos nx dx. 
—T 


As a result of orthogonality all the integrals on the right-hand 
side are equal to zero except the integral 


rs 
[a0 cos? nx dx 


—T 


of the term of the series for which k = n; hence as a result of term- 
by-term integration we obtain 


Tw Tv 
[7 cos nx dx =| an cos? nx dx, (4) 
ee nae 


But cos? nx = 1/2 (1 + cos 2nx), therefore 


7 wv 7 

1 
[an cos" nx dx = an {| dx + =| cos 2nx ax | = Tay. 
—Tt —T —uT 


< 
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Thus the equation (4) gives : 


719 
[ro cos nx dx = Tan, 


—t 
and consequently 
a eski ) | d. 1, 2 | 
A= J (x) cos nx dx (n= 1, 2,...). (5) 
—T7 


Similarly by multiplying all terms of the series (3) by sin nx and 
integrating term-by-term in the interval (—z, ) we obtain 


ba = =| Fo) sin nx dx (n= 1, 2, ...). (6) 


Finally, term-by-term integration of the series (3) itself in that same 
interval gives : 


[re dx = TQ, 
a 


and therefore 
wv 
l . 
ay = —-| (0) des 7 


formula (7) can be regarded as a particular case of formula (5) for 
n = 0; in order to emphasize this generality the constant term of a 
trigonometrical series is usually denoted by a,/2 and not by ay. 


The formulae (5), {6), (7) completely solve our problem, for they 
enable us to find the coefficients a, and 6; when the given function 
J (x) (the sum of the trigonometrical series) is known, provided the 
series is uniformly convergent. 


As with power series, we can see that these coefficients are 
uniquely expressed in terms of the function f (x) ; hence there ts only one 
uniformly convergent trigonometrical series whose sum ts equal to the given 
function f (x). In contrast to power series where the expressions of 
coefficients require existence of derivatives of all orders of the function 
f(x), we can now see that the formulae (5), (6) and (7) are not 
required to be expanded any more beyond its properties mentioned 
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in the statement of our problem; in fact, it follows from uniform 
convergence of the series (3) (which we have assumed from the 
beginning) that the function f(x) is continuous (and hence also 
integrable) (this also implies integrability of the functions f (x) cos nx 
and f (x) sin nx); in order that formulae (5), (6) and (7) should be 
valid nothing but this integrability is required. 


The numbers ay, 6, expressed in terms of the function f(x) by 
means of the formulae (5), (6), (7) are usually called Mourier coefficients 
of this function (in spite of the fact that the formulae (5) (6) and (7) 
were founded by Euler long before Fourier). Hence for every func- 
tion f (x) which is continuous in the interval (--7, =) we can, by 
using these formulae, make the complete series of Fourier coefficients 
Qo, 41, Ag, ..-, by, bg,...3 in this event the series (1) in which the 
numbers so determined serve as coefficients is called the Fourter series 
of the function f(x) ; in short, every function f (x) which is continuous 
in the interval (—7z, 7m) has a Fourier series. However, as in the case 
of power series, no conclusions can be drawn from the possibility of 
expanding the function f(*) into a trigonometrical series. The 
Fourier series for the function f (x) may be divergent for some (or ° 
even all) values of x. Moreover, even if we assume that this series 
is divergent for all values of x, we have no grounds to believe that its 
sum coincides with the function f (x). Hence the question of what 
properties the function f (x) must possess in order that it should be 
the sum of its Fourier series requires special study. At present we 
only know one thing: if a trigonometrical series does, in fact, exist 
and converge uniformly to the function f (x) in the interval (—z, 1), 
then this series must be the Fourier series of this function. 


In this course we cannot consider other orthogonal systems of 
functions than the system (2). It is nevertheless interesting to note 
that all we have said above with regard to coefficients and Fourier 
series is based purely on the property of orthogonality of the system 
(2) and is quite independent of any special characteristics of the 
trigonometrical functions which form the system; for this reason 
everything we have said can refer to every orthogonal system. If the 
continuous functions , 


?1(x), Po(x), sae'g 9 n(x), cee (8) 


form an orthogonal system in an interval (a, 6) and if the series 


co 


Yan Onl) =F (X) (9) 


n=1 
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where @,, are constant real numbers, is uniformly convergent in the 
interval (a, 5), then, in the same way as above, we readily obtain : 


b b 
[ /6)en() de=anl @? (x) dx (n= 1,234.2); 


a 
assuming, for the sake of simplicity, that*) 
b 
| gp", (x) dx = | Cal eee 


we therefore obtain: 


b 
= [so On (x) dx am pee Fe (10) 


The numbers a, which we have found for the function f (x) by means 
of the formula (10) are called the Fourier coefficients of this function 
and the series (9) its Fourier series (with respect to the orthogonal 
system (8). 


The general theory of orthogonal systems is one of the most 
important chapters in mathematical analysis and has numerous 
practical applications. At present many investigations are being 
made in this field. Much progress in this direction was made by our 
scientists Chebyshev and Liapunov and several other Soviet mathe- 
maticians (Bari, Kolgomorov, Luzin, Menshov, Steklov and others). 


For exercises to § 81 cf Problem Book by B. P. Demidovich, 
Sectiou V, Nos. 332, 334, 341-344. 


§ $82. Average approximation 


Before proceeding to the solution of the fundamental problem 
of convergence of Fourier series we will now show that the Fourier 
coefficients of the given function possess great practical values 
regardless of the fact whether the series (3) § 81 is divergent or 
convergent. If this series converges at a point x, then the function 


*) The system (8) which satisfies this condition is called normalised; evidently 
every systcm (8) can be normalised by multiplying its constituent functions by some 
constant numbers ; thus in the system (2) it is sufficient to multiply the first term 
by 1 / 27 and the remaining terms by | / / =, 
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f(x) can be represented approximately with any required degree of 
accuracy by its partial sum: 


n 
Sal) = 3. a y (a, cos kx + 5, sin kx), 
k=1 


which is a so-called ‘“‘trigonometrical polynomial”. In general, a 
trigonometrical polynomial of degree n is a sum of the form 


In (x) = = + >, (a, cos kx + (, sin kx), (1) 
k=1 


where «;, 6; are constant real numbers. 


But we have seen in chapter 20 that regardless of the possibility 
of expanding a function into a power series there may arise the 
question of its approximate expression in terms of a polynomial. 
Similarly in this case, regardless of the possibility of expanding the 
function f(x) into a trigonometrical series, we can also consider its 
approximate expression by a trigonometrical polynomial of the 


type (1). 


If the order n of this trigonometrical polynomial is preassigned, 
then naturally the question arises how to select the coefficients «,, By 
of the polynomial 7, (x) so as to obtain the best approximation. If 
we are in this case considering the approximation of the function f (x) 
not at one particular point but in the whole interval (— z, 7), then 
we must also define what is meant by a “‘best approximation”. The 
difference f (x) — T, (x) whose magnitude (i.e. absolute value) we 
naturally regard as a measure of the quality of the given approxi- 
mation, will have different values at different points of the interval 
(— 1,7). Ifwe havetwo different trigonometrial polynomials T,, (x), 
this difference will in general be smaller for ‘the first of these poly- 
nomials at some points, while at other points it will be smaller 
for the second polynomial; we cannot directly see which of these 
two polynomials represents the function f(x) better. To obtain a 
unique evaluation for the comparative quality of approximations 
given by different polynomials we must evidently agree to assess 
this quality in each case by a definite number. This number canbe 
chosen by various methods in the same way as we can choose 
different thermometers for measuring temperatures; in this case, as 
in the above case, the advantage of this or other method of evaluation 
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does not depend so much on fundamental considerations but chiefly 
on convenience. 


In the same way as we have evaluated the closeness of two 
points by the distance between them, so in this case in ordcr to 
evaluate the closencss between the function f (x) and the trigono- 
metrical polynomial T,,(x) we mustclearly determine the ‘“‘distance” 
between them; the smaller this distance is, the closer the approxi- 
mation of the function f (x) given by the polynomial 7, (x). Natu- 
rally the determination of this distance must in one way or other 
take into consideration the magnitude of the difference f(x) — Ty, (x) 
at every point tn the interval (— m, =). One convenient definition of 
this distance is given by the upper bound of the quantity 
| f(x) — T, (x) | in the interval (— z, 7). Another possible defini- 
tion can be provided by the ‘mean value” of the samme quantity 


[Lf G) — Ta] ae (2) 


=] ———, 3] 


in the interval (— =, =). However, it is more convenient (and it is, 
in fact, most frequently used in the theory of orthogonal systems) to 
use the definition of the distance between f (x) and T,, (x) given by 
the mean value 


‘ 
ns 


= | Lf (x) — Th (x)P dx = 0 (fF, Tn) (3) 


—tk 


of the square of the difference f(x) — T, (x); this definition has a 
purely practical advantage over the definition (2): in calculations it 
is more convenient to deal with squares of functions than with their 
absolute values. 


In future we shall define the distance between the function f(x) 
and the trigonometrical polynomial by means of formula (3); we 
shall say that out of the two polynomials T,,,1 (x) and Tnye (x) the 
former gives a better approximation for the function f (x) than the 
latter if 


e Cf, T ns1) < 0 (f, T me); 


the best approximation of all trigonometrical polynomials of order 
is given by the polynomial T,, (x), for which. the distance e (f, T) is 
the least. 
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Having thus agreed on this definition we are faced with a com- 
pletely defined problem we must find the polynomial (I) of degree n, 
for which the quantity e (f, Tn) has the least possible value. But 
finding of the polynomial T, (x) implies finding of its coefficients. 
The quantity p (f, T.,) is evidently a function of these coefficients 1.e. 
a function of 2n + 1 numbers a, @, ... , ns Bp --» » Bn if the poly- 
nomial T,, (x) is given by formula (1). Hence we must find those 
2n-+-l numbers for which the quantity e (/, 7,) has its least 
possible value. 

For this purpose let us represent the expression (3) for the 
quantity oe (f, T,,) in the form: 


w wv rio 
sah [rw dx + [ Ty? (x) dx — 2 | Fw Tn (x) ax (4) 

—T —T —T 
Determining T,, (x) by means of formula (1) and denoting by any, bn 


the Fourier coefficients of the function f(x) we obtain as a result of 


the formulae (5), (6), (7) § 81: 


T e n 
[ 160) Talsyds = 0} $Y (npar+ Babe). 5} 
—T k=1 
On the other hand, bearing in mind the formula 
Tv wv 
| cos?kx dx = | sin® keds er Cae — os ee ers 
—T —t 


and orthogonaity of the system (2) § 81 we obtain : 


19 v : j n 
| La (ede hes +- y ax” cos*kx -+ 2,” sin? kx) dx = 
—T | —T c= 
2 n 
=n} + Dee +e. (6) 


Substituting the expressions (5) and (6) in the expression (4) for the 
quantity o(f, 7 ,) we have: 


I : l 0 — 2494 
e(f, T a) aa sec | SPH) +z} 5 il a ae 


n 


SB Y(o :2 20,04) + (Gx? 28 20} ; 
k=1 
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noting that 
9 
aE” — 2Zaypay = (a~ — a;,)° = aie 


B,.” = 28 1.0% = (6 x Fae by)? =, b ,”, 
we consequently obtain : 


ras 


of t= x, [re (x) dx = 48 1 y ay? + 2) + 


—T k=1 
Lay 2 : 
$7 fs he Pree — ant + 62 - 6)". 
k=1 


The first two terms on the right-hand side of this equation are 
independent of the coefficients a,, 8; of the polynomial T ,, (x); there- 
fore the numbers «;, 6; must be so chosen that the third term should 
have the least possible value, z.e. the quantity 


pe + Bitter — a)? + Ce Pyle 
k=1 


this quantity evidently vanishes if we choose 
a, = ay (A = 0, 1, ...), 
By, = dy (k = I, 2; ee) 


and becomes positive for every choice of the numbers «,;, B,. This 
solves our problem. We see that in order to obtain the best 
approximation for every n we must choose the corresponding Fourier 
coefficients of the function f(x) for the coefficients of the polynomial 
T »(x). In doing so we must naturally bear in mind that this deduc- 
tion will only be valid if we are evaluating the distance between the 
function f(x) and the polynomial 7 (x) by means of the quantity 
(3). If we use a different method for determining the distance, we 
obtain different values for the numbers «;, 6 x. 


Approximations in which the distance between two functions 
is evaluated in terms of the average value of the square of their 
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difference are usually called average approximations. The result 
obtained above can therefore be formulated as follows : 


Theorem 1.° From all trigonometrical polynomials of degree n the best 


average approximation 1s given by the following polynomial, provided the 
Junction f(x) is continuous : 


71 
Tle) = -5* + y) (a,coskx + 6,sin kx), 
Gi k=l 


where aj, 6, are Fourier coefficients of the function f(x). Also 


Ta) = zl Pade — SIS + Plat +59}. 
—7 ge k=] 


The equation (7) gives one interesting result. ' Since 


p(y; Ex) 2 0, 


therefore for every n 


fi rr 
2 - 1 : 
4 Yates) < L[ ewes 
k 


=1 —T 


the right-hand side of this equation is independent of 7; therefore 
the partial sums of the series 


$+ Yor por 


remain bounded for n — © ;.and since this series has constant signs, 
it must be convergent. Hence the squares of the Fourier coefficients of a 
continuous function always form a convergent series. It also follows that 
when n — 00, we always have for a continuous function : 


an—>O0, b,-> 9. 
§ 83. Dirichlet- -Liapunov theorem on closed trigonometrical 
- ; systems . 


We have learnt in the _theory of power series that the same 
Maclaurin series can be’ “used for an infinite number of different 
functions. A simpler question naturally arises, and is equally 


TRIGONOMETRICAL SERIES ° ee 389 


important, with regard to Fourier series ;.can the same trigonometrical 
series be the Fourier series of several .different functions ? ;We must 
at first draw attention to the fact that in solving this problem it is 
advisable to consider continuous functions only, for otherwise the 
resulting solution would be trivial; in fact, if.we are to consider 
discontinuous functions, then we shall change the. value of the given 
function f(x) at a particular point; it can be readily shown that the 
new ee will have the same Fourier, coefficients as the function 
f(x); since the integrals in the formulae (5), ( (6), (7) § 81 do not change 
in magnitude as a result of this change in. the function f(x) 


The above problem, as we shall now see, is closely related to an 
important property of the orthogonal system 


. ech 


of trigonometrical functions. Let us assume that there exist two 
different functions f, (x) and f(x} which are continuous in the 
interval ( — nm, m) and have the same Fourier series, or, what is the 
same thing, the same series of Fourier coefficients. Let us now 
consider the function — 


1, cos x, sin x, cos 2x, sin 2x, 


f(x) = fils) — fe (*).; 


it follows from the formulae (5), (6), (7) §,81 that any Fourier coefh- 
cient of the function f(x) is equal to the difference between the 
corresponding coefficients of the functions f(x) and f(x) and is 
therefore equal to zero. We thus have: 


* 7 
ie cos kxdx = 0, | 
a SRE | cme Cy eee 


[fe sin kxdx = 0 : 
ae } | 
But this implies that the function f(x) is orthogonal to any one.of the 
funtions of the system (1) in the interval ( — x, =). Thererefore, if 
there exist two different functions which are continuous in the interval ( — x, 7) 
and have the same Fourier series, then there exists another function which is 
also continuous in the interval ( — m, 7) but does not become identically zero ; 
this function is orthogonal to all functions of the system (1) in that interval. 


It can be readily seen that the converse proposition also liolds. 
In fact, if the function f(x) is continuous and does not become 
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identically zero and is also orthogonal! to all functions of the system 
(1) in the interval ( — x, =) and if 9(x%) is an arbitrary function 
which is continuous in that interval, then the function ?{x) + f(x) 
will also be continuous in the interval ( — z, m); it does not coincide 
with @ (x) whereas all its Fourier coefficients coincide with the corres- 
ponding coefficients of the function ? (x). 


The question therefore arises, whether it is permissible to ‘“‘add”’ 
to the orthogonal system (1) another continuous function which is 
not identically zero so that the extended system should remain 
orthogonal. For this extension of the system (1), as we have just seen, 
it is necessary and sufficient that the two different functions which 
have the same Fourier series should exist. An orthogonal system 
which can be extended in this way is called an open system; a closed 
system, on the other hand, does not permit such an extension. We 
must therefore decide whether the orthogonal system (1) is closed 
Or open. 


The most important property of the closed system follows from 
the remarkable investigations by Dirichlet on convergence of trigono- 
metrical series; the same facts were, however, earlier established and 
proved independently somewhat later by the outstanding Russian 
scientist Academician A. M. Liapunov. Therefore we shall in future 
call this theorem the Dirichlet-Liapunov theorem. 


Dirichlet-Liapunoy theorem. The orthogonal system (1) is closed. 


Proof. Let the function f(x) be continuous in the interval 
(—x, 7) and orthogonal to all functions of the system (1) in that 
interval. We must prove that f(x) = 0(— xm <x« <n). 


It evidently follows from orthogonality of the function f (x) and 
any other function of the system (1) that it is also orthogonal to an 
arbitrary trigonometrical polonomial T (x). We shall prove converse 
of this theorem ; let us assume that the function f(x) is not identi- 
cally zero in the interval (— x, z), and on the basis of these consi- 
derations we shall construct a trigonometrical polynomial to which 
the given function cannot be orthogonal in the interval (— z, x). 


Let, for example, f (x) > O forx =«,—x<a<7. In that 
case we have f(x) > 0 for a sufficiently small 8 > O and for all points 
x in the interval (« — 5, a@ + 5); let ¢ > O be the smallest value of 
iLe function f (x) in that interval so that 


f(x) =ec>O0 (@-—-SKcx<a+ 8). 
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Let us now assume that 


T= jt com =o) fe 


where n is an arbitrary natural number. Raising the power in accor- 
dance with the binomial formula we evidently obtain: 


nN » 


Tr (x) = = c, [cos (x — a)’, 
r=0 


where ¢, are constant real numbers. It is known that for every r > 0 


the function (cos x)" can be represented as a linear combination of 
functions 


1, cos x, cos 2x, ... , COS Tx 
with constant coefficients.*) Applying this expansion to all terms ot 


the above sum we obtain: 


n 
Te) = 3 d,cos r (x — a), 
r=0 
where d, are constants. Finally, since for every r 


cos r (x — %) = cos ra cos rx + sin ra sin rx, 


we obtain the following expression for T,, (x): 


n 
Tek) = > “F y (a, cos kx + 2; sin kx), 
k=] 


*) Proof. This statement is obvious forr =1. If 
r 


(cos x)” = 3 &, COS 5X, 


s=0 
then 


r 
(cos x)™+1 = (cos x)” cos x = > %,COS sxCO A = 
s=0 


r r+1 


{ 
= Vi ug [cos (5 + 1) x + 00s (st) al =P P, COS 5x. 
s=0 s=0 
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where ¢,, 8; are constants. ‘This shows that for every. natural n the 
function 7, (x) is a trigonometrical polynomia]. We will now show 
that provided n is sufficiently large, this polynomial cannot be ortho- 
gonal to the function f(x) in the interval (— 7x, =). 


Let us imagine the main outlines of the course of the function 

T,, (x) in the interval (— z, x) when n is large; this will also enable 

us to perceive clearly the true meaning which lies at the basis of the 
foliowing proof. The quantity 

1 + cos (x — «) 

a 

whose n-th degree is the polynomial T,, (x), is evidently always non- 

negative; it is equal to unity for x =« and less than unity 

for all other values of x in the interval (— =, x). Therefore when n 

is large, T, (x), which is always non-negative, is equal to unity for 

x = « and negligibly small for all other values of x which are only 

a small distance away from «, so that the course of the function 

approximately follows the graph shown in Fig. 51. We must prove 

that the integral 


{ ICOM OR OE. (2) 


cannot be equal to zero when 1 is sufficiently large. For this pur- 
pose we can break the integral (2) into two parts: 


a+ 
[re Tn (x) dx = I, 
a—§ 
and 
a—§ Tv 
[ [+] |eo Tn (x) de = Ip 
nats 


Since the second of these integrals includes the region in which 
T» (x) is negligibly small, we have reason to believe that the abso- 
lute value of the integral is also 
negligibly small. On the other 
hand, we know about the first in- 
tegral that f (x) >c¢ > Oinit and 
the function 7, (x) attains its maxi- 
mum value. We therefore have 
good reasons to expect that the 
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absolute value of the first integral will be considerably greater than 
the second integral; but this is all that is needed since if J; > J,, we 
cannot have J; + J, = 0. 


Let us now perform the necessary calculations. Owing to the 
fact that 


] + cos (x — a) (252) 
= cos? (—-, = 
2 bd 


2 
we have 
até a+ § 
i= fe (x) cos ue o =) dx De { cos?” (“57 jae. 
a—§ a—§ 


Assuming that x = « + » we obtain: 
é § 
on ; ING 
i, 2 ¢ | cos” (4) dy = 2¢ | € — sin? 2 ) dy. 
= 0 
Since 0 < sin y/2 < 1 and 0 < cos y/2 < | in the interval (0, 5), 
therefore 


(i — int 2) > (1 — sin 2)" cos a 


and we obtain: 
5 


I, 2 2e | (1 = sin-2.) cos 5), 
0 


or, assuming that sin y/2 = Z, 
ane 
a 


4¢ ee uaie 2¢ 
i z= 4c| (12nd Soh (1=sin =) ee ) (3) 


so that the expression inside the braces is evidently greater than 1/2 


when n‘is sufficiently large. 


We have evaluated the lower limit of the integral J,; we shall 
now try to evaluate the upper limit of the absolute value of the inte- 


eral I>. Let us denote by Ad the maximum value of the function 
g 
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| f(x) | in the interval (— x, x). Within limits of the two integrals 
which form the integral J, i.e. when |x — «| > 5), we have: 


cos? ¢C a * < cos? (=) 


and therefore 


| 7, (x) | < cas m(3-); 


IIo] < M.cos** (+-) [(a — 8) -—(-a+x-(2+ 3] < 


< 2a M éos?" (=) = 25 Mr, (4) 


where it is assumed that 


i= cos? (+) <i. 


Owing to the fact that for a sufficiently large n we have *) 
im 26 
2n Mrt< neem ee 
and it follows from (3) and (4) that | J, |< J,, provided » is suffici- 
ciently large. ‘The equation 


f(s) Tals) dk = +h =0 


| 
7 > 4 


cannot therefore hold and the Dirichlet-Liapunov theorem is proved. 


We can thus see in the light of the problem considered above 
that the behaviour of Fourier series differs from that of Maclaurin 


series : every trigonometrical series can be Fourier series of only one 
continuous function. 


§ 84. Convergence of Fourier series 


We shall now consider the fundamental problem, iz. the 
properties which the function f(x) must possess in order tliat its 
Fourier series should be convergent and its sum be equal tothe given 


*) This follows from the relation nr™-—>0 (n— &) (cf. proof of theorem 4 


$77). 
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function. This problem is, on the whole, very complicated and 
modern science has not yet succeeded in solving it fully. On the one 
hand, we know many tests which enable us to determine expansion 
of this or other class of functions into Fourier series; however, it has 
been shown by many examples that relatively simple functions «have 
divergent Fourier series. In this paragraph we shall only prove one 
proposition which shows how wider is the class of functions which 
can be expanded into Fourier series than the class of functions which 
can be expanded into power series:: ** 


Theorem. The function f(x) with a period 2n, whose first derivative 
is continuous everywhere, can be expanded into a uniformly convergent trigono- 
metrical series along the number line (it follows from the basic result of 
§ 81 that this series is its Fourier series). 


Proof. Let us denote by a,, b, the Fourier coefficients of the 
function f(x) and by a’,, 6’; the Fourier coefficients of the function 


f' (x). The formulae (5), (6) § 81 and integration by parts for k > 0 
give ; 


Td, = [ro cos kx dx= 


_pflesinkk) FF Ufa a rb 
~(5**) F. ia ne (x) sin kx dx = — E? 


—t 


tb, = [re sin kxdx = 


as ™ : 
th cacdf CORIO NE oa. | ; ROE 
= Coa wae es |S (x) cos kxdx = pet 


We therefore have : 
a = — HE, b = Te (he Ty 25 ea); (1) 
Since for any two numbers @ and B it follows eon 
a + 6 —2|aB| = (le]—18 |)? >0 
that 7 . 
2 6B Sar Be 
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therefore the relation (1) gives : 


2} bn |< ay + 43 ; 


dpsed 
2\ ap | Coe + ae 


and hence for every x 


| a, cos kx + by sin kx | <Jag| + |x| < 5 a’? + )',2) + (2) 


ke" 

Since the numbers a’y, 6’; are Fourier coefficients of the conti- 
nuous function f’ (x), it follows from the final result of § 82 that the 
series 


W (eit be) 
=] 


tee) 
ae : I v3 
is convergent; and owing to the fact that the series bh als also con- 


vergent, the right-hand side of the inequality (2) represents the k-th 
term of a convergent numerical series with positive terms; but it also 
follows from (2) that the series 


ae ue ay.cos kx -+ by, aK kx) (3) 


is absolutely and-uniformly convergent along the whole number line. 
Let us denote its sum by s(x) ; it follows from the fundamental result 
of § 81 that the series (3) is the Fourier series of the function s (x) 
whereas, by definition, it is the Fourier series of the function f(x). 
Since both functions f(x) and s(x) are continuous, therefore, it follows 
from § 83 that they must coincide; this proves our theorem. 


§ 85. Generalised trigonometrical series 


We have already’ mentioned in § 81 4 self-evident fact that 
functions with a period 27 can only be expanded into trigonometrical 
series along the whole number line. “‘A function f(x) which does not 
possess this property, may, at-best, be expanded only in (arbitrary) 
interval (a, a + 2m) of length 27 ; it is then evidently also necessary 
that f(a + 27) = f(a). This restriction, if it could not readily be 
removed, would greatly reduce the use of trigonometrical series. In 
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this paragraph we shall briefly consider how it is possible to enlarge 
the concept of trigonometrical series simply and naturally be remov- 
ing this obstacle. For the sake of simplicity we shall always assume 
that the given function f(x) has a continuous derivative at every 
point in the given interval (a, 5) in which we wish to expand it into 
a trigonometrical series. . 


If we are considering an interval (a, a + A) which is shorter 
than 2n (A < 2z), then our problem is evidently very simple; all we 
have to do is to continue the function f(x) in the interval (a + A, 
a + 2z) in an arbitrary manner and we have f(a + 2x) = f(a) and 
Sf’ {a + 2n) = f'(a); the function f(x) would then have a continuous 
derivative in the whole interval (a, a + 2r) (this’can, of course, be 
done in an infinite number of ways). It follows from §-84 that the 
continued function can be represented in the interval (a, a + 27) 
by a uniformly convergent series whose sum evidently coincides with 
the given function f(x) in the interval (a, a@ + A);-this solves our 
problem. It is also interesting’ to note in this connection that when 
A < 2x, continuation of the function f(x) along the whole interval 
(a, a + 25), which can be done in an infinite number of ways, will 
also give an infinite number of different Fourier series for the initial 
function. The sums of these Fourier series will obviously be different 
functions if we consider them in the whole interval (a, a+ 7). 
However, they will all coincide with the function f(x) in the interval 
(a,a + A). Thus the function can in general be represented by an 
infinite number of different trigonometrical series in an imterval of 
length < 27. 


Let us now assume that A > 27; we again assume that the 
function f(x) has a continuous derivative in the interval (a, @ + A) 
and f(a + A) = f(a), f’ (a + A) =f’ (a); we can then assume that 
the function f(x) is periodically ‘continued across the ends of ‘the 
interval (a, a + A) (with a period A) along the whole number line. 


Let us assume that 
A r 
raat+ey fe)=f(at jy) =P). 
£i ; ™ ' 


The function 9 (y) is evidently a periodic function with a period 2x 
(since on increasing y by 2x we evidently increase by A) and it has 
a continuous derivative for ev ery 5 denoting by ay, and b, the Fouricr 
coefficients of this function we obtain os every J, as a result of the 


theorem in § 84, 
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foe) 
ag 


e(y) = +P) (a cos ky + by sin hy), 
k=1 


where the series is uniformly convergent along the whole number 
line. Since 


és 9) 
y= (e -2), 


therefore we have uniformly along the whole number line 
f(x) = = + > [ axcos m5 (x — a) + 5p sin 26h (x — a) | (1) 
k=] 


applying to the expressions ' 


Ink \  Onk 
cos —>— (x — a), sin oe (x — a) 
the trigonometrical formulae for the cosine and sine of difference of 


two arguments we evidently obtain the expansion (1) in the form 


” Dik . 27k 
f(x) = ++) (xp Cos — x + B, sin = x), 
k=] 


where a, 6, are constants; in particular, when a < x < a + A, the 
sum of this series coincides with the corresponding values of the 
function f (x) given in that interval. 


We can thus see that the function f(x) defined in an arbitrary 
interval (a,a + A) can be expanded into a generalised uniformly 
convergent trigonometrical series in that interval (provided the above 
conditions are satisfied) which differs from the series 1 § 81] only in 
that instead of the functions of the system (2) § 81 we have, in this 
case, the following elements of expansion 

1, cos x, sin orn (n == 1, 2, ...), 
which, as can be readily shown, form an orthogonal system in the 
interval (a, a + A) (and in every interval of length A). All functions 
of this system have a period 4. As before, we find the following 
expressions for the coefficients a, 6; 


TRIGONOMETRICAL SERIES 399 


a+a 
ay = | SI (x) cos 2 os ds (K-05 1-2 ge, 


5 ath 
Pe = | so ) sin — Digs a Oe ae 
a 


Finally, if the conditions f(a + A) = f(a), f’ (a + A) =f" (a) 
which are necessary for this expansion are not satisfied, we can 
always continue the function f(x) beyond the point a + A toa certain 
point 6>a-+A so that all the requirements are satisfied in the 
interval (a, 6) and we can then expand the function f(*) in the 
extended interval in the way described above. 


For exercises to § 85 cf. Problem Book by B.P. Demidovich, 
Nos. 331, 356, 357. 


CHAPTER XXII 


DIFFERENTIATION OF FUNCTIONS OF 
SEVERAL VARIABLES 


$ 86. Continuity of functions of several 
independent variables 


When we first introduced the concept of functional dependence 
(chapter 1), we regarded the function y = f(x) of one independent 
variable x as the simplest form of this general concept. The types of 
functional dependence which we meet in practice usually involve 
quantities which depend not on one but several (sometimes very 
many) other quantities whose values can be chosen arbitrarily and 
independent of one ancther so that we can call them independent 
variables. Only when these values are selected in a definite way, 
the function acquires a definite value. However, we have so far 
only studied the simplest case, wz. of one independent variable. In 
fact, the methods of differential and integral calculus can be success- 
fully used for functions of any number of independent variables. 


In this chapter we will, as a rule, consider in detail only the 
extension of methods and concepts of differential and integral cal- 
culus to functions of two independent variables and we shall leave 
the reader to prove for himself that increase in the number of vari- 
ables does not involve any other new ideas. As we shall sec, this 
method is useful insofar as the transition from functions of one 
independent variable to functions of two variables introduces some 
entirely new points and, in order to study them fully, we shall have 
to concentrate on this problem without dissipating our attention on 
a too bulky formal apparatus. On the other hand, the transition 
from two to three or more independent variables involves, as a rule, 
only some technical difficulties which can readily be overcome after 
the theoretical part has been fully understood. 
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Let u be a function of two independent variables x and y. In 
the same way as we have so far represented different values of the 
variable x by points on a straight line (‘number line’) and called 
these values ‘‘points’” in some cases, we shall from now on often 
regard the independent variables x and » as the rectilinear coordinates 
of the point in a plane which we shall call the “number plane” ; now, 
instead of speaking about ‘‘a pair of values (x, y) of the independent 
variables’? we shall simply speak of the “‘point (x, y)’? and the value 
of u for x = a, y = bas its value at the “point (a, 6)”. This termi- 
nology is very convenient in two respects : firstly it is in most cases 
much shorter (while giving the same degree of accuracy) and, 
secondly, it naturally tends to give a visual representation which in 
many cases makes it easier to understand the problem in question. 
In some cases it is convenient to denote the point (x, y) by a single 
letter, for example P, Q,... and write in short u = f(P) instead’ of 
u = f(x,y); this method is not often used in dealing with two inde- 
pendent variables since this abbreviated notation is not very useful; 
however, when we have several independent variables, this abbrevi- 
ation can be very useful. 


In the same way as the function » = f(x) is represented geome- 
trically in the rectilinear system of coordinates (x, y) by a curve which 
is only intersected at a single point by an arbitrary straight line 
parallel to the OY-axis, so the function u = f(*, y) can be repre- 
sented in the rectilinear system of coordinates (x,y, u) by a surface 
which is only intersected at a single point by an arbitrary straight 
line parallel to the OU-axis (this is equivalent to the condition that 
not more than one value of uw should correspond to each pair of 
values of the variables x, y). We know the significance of graphical 
representations in the study of functions of one variable x. ‘The 
geometrical illustration of functions of two variables by means 
of a surface in the three-dimensional space is equally important in 
the study of their theory. 


Let the function « = f(x,y) be defined in region * of the plane 
and let P(a, 6) be a point in this plane. Apart from this point, let 
us consider another point P’ (x,y) which we shall imagine to move 


*) At present the form of this region is irrelevant: it may be a square, a 
circle or any other finite figure, or the infinite part of the “number surface”’ or the 


whole of this surface. 
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indefinitely close to P so that x > a and y +); this can be expressed 
by the relation, 


o= Vira + — dP +0. 


If in this process the quantity f(x,y) tends to a definite limit 4, we 
can write 


St (x,y) ~ A (P +9) or es f(x,y») = A. 
o> 


It is very easy to describe the process by means of the relation 
p — 0; however, we must note that in this case we are dealing with 
the limiting process in its most general form as considered in detail 
in § 15; in fact, f(x, y) is not a function of the “basic variable”’ 
o, for evidently at a given distance e from P an infinite number of 
points P’(x, y) lie where the function f(x,y) will in general have 
different values. Nevertheless, the above relation has a quite definite 
meaning : no matter how small « > 0 be, there exists a § > 0 such 
that for any point P’ (x, y), other than P, which is at a distance not 
less than 8 (7.e. the only condition is that ep < §) we have: 


fey) — A ee: 


Having thus defined the concept of limit for a function of two 
variables it is obvious to define the concept of continuity for such 
functions which we have found to be of fundamental importance in 
the case of functions of one variable. 


The function u = f(x, y) ts said to be continuous at the point (x, y) tf, 
assuming thatep = V Ax*+ Ay", we have: 


lim f(x + Ax,y + Ay) =f 3). 


e—>0 


In detail this implies as follows : there exists a 5 > 0 for any 
e > 0 such that, provided p < 8, we have: 


| Au| =| f(x + Ax,y + Ay) —Slm a) 1 <e. 


We can see that as before, the concept of continuity is of local 
character : in general the function of two variables can be continuous 
at some points and discontinuous at others. And again, as before, 
we shall agree to call the function f(x, y) continuous within the given 
region of the number plane if it is continuous at every point in this 
plane. 
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While studying the functions of one independent variable we 
have considered in detail the structure of the continuum (the set of 
real numbers), i.e. the set of values of the independent variable itself, 
before studying the main properties of continuous functions (chapter 5). 
Similarly in this case too we must begin with the detailed study of 
the properties of sets of pairs (x, y) of real numbers before studying the 
properties of functions of two variables. This set is usually called the 
two-dimensional continuum ; geometrically it is represented by a plane. 


We haveso far spoken of functions oftwoindependent variables ; 
however, all that issaidin this paragraph also holds for functions of any 
number of variables so that we only need to give brief introduction. 


If uw is a function of n independent variables, it is convenient to 
call the set of values of these functions a point in an n-dimensional space 
(or a space of n dimensions). ‘The distance between two points is equal 
to the square root of the sum of the squares of differences of the 
corresponding coordinates at these points ‘for n = 3 we have the usual 
distance between two points in the three-dimensional space). The 
function u = f(x, y, 2) is continuous at the point (x,y, z) ot the three- 
-dimensional space if 


Au = f(x + Ax, y + Ad,2+4+ Az) —Sf lx, 7, z) 9 (P > 9), 


-where 


p= Var tay tad 


{there is no need to give the definition of continuity for n > 3, as it is 
-self-evident). In order to study the further development of the science 
-of functions of n variables it is necessary to consider in detail the pro- 
perties of an n-dimensional continuum, i.e. the set of all groups of n 
real numbers (a, de, «++; Gn). 


The student is advised to consider the instructive examples in 
the Problem Book by B.P. Demidovich, Section VI, Nos. 44, 45, 55. 


§ 87. Two-dimensional continuum 


On a straight line we can have only one type of simple figure, 
viz. an interval. However, in the transition to a two-dimensional 
continuum, viz. the plane, we can havea great variety ofsimple figures : 
polygons, circles and, in general, other figures bounded by simple 
contours. The variety of these figures introduces many new points 
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in the study of a two-dimensional continuum as compared with the 
simplest linear (one-dimensional) continuum. 


The set of all points of this simple figure is called the region which 
is closed if all points on the contour belong to the region and open if 
no point on the contour belongs to the region. For the time being, 
we shall disregard regions extending to infinity : thus, for example, 
we shall call a region (closed) semi-plane x > 0 or the whole number 
plane in the same way as we have earlier regarded the semi-straight 
line x > 0 or even the whole number line as being particular cases 
of intervals. 

If the point P (x, y) is an interior point (z.e. it does not lie on 
the contour) of the region D, then any sufficiently small circle with. 
centre at P together with all its points will belong to the whole region. 
On the other hand, if P is a point on the contour (or, as it is usually 
said, on the boundary) of the region D,then any circle with centre at 
P will contain points which belong to the region D as well as other points 
which do not belong to it. These properties can be regarded as 
definitions of interior and boundary points of the region. An open 
region consists solely of interior points ; a closed region contains, apart 
from interior points, all boundary points too. 


In the case of the linear continuum the dimension of simplest 
figures are fully described by theirlengths. In the case of planes the 
position is somewhat more complicated : in relation to the problem 
in consideration we may be interested in the area of the given region 
or in its linear dimensions; the latter are best described by the diameter 
of the region which is defined as the upper Lound of the common distances 
between all possible pairs of points belonging to the given region ; thus the 
diameter of a circle is the length of its usual diameter, the diameter 
of a rectangle is the length ofits diagonal, and so on. If the upper 
bound, which we have mentioned above, exists, the region is said to 
be bounded ; otherwise it is infinite ; an infinite region is sometimes 
said to havea diameter equal to +o. In order that a region should 
be bounded it is evidently necessary and sufficient that it should lie 
entirely within a circle (in the same way as a linear set is bounded 
if and only if it lies entirely within an interval). 


Let us assume that we are given a region D and a point P in 
a plane and let p (P, Q) denote the distance between two points P 
and Q in the plane. If Q runs through different points of the region 
D, then p (P, Q) has a definite lower bound which we shall call the 
distance of the point P from the region D and denote by e(P, D). 
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Theorem 1. Jf the point P does not belong to the closed region D, then 
o(P, D) > 0. 


Proof. Where e{P, D) = 0, then any arbitrarily small circle 
with centre at P would contain points of the region D. In that case 
there are two possibilities : 


(1} any sufficiently small circle with centre at P belongs entirely 
to the region JD, or 


(2) any circle with centre at P contains points of the region D 
and other points which do not belong to that region. 


In the first case the point P would, according to the definition, 
be an interior point and in the second case it would be a boundary 
point of the region D. Since theregion D is closed, the point P would 
in either case belong to that region, which contradicts the conditions 
of the theorem. Hence e(P, D) > 0 and thcorem 1 is proved. 


Analogous to the theorem on a contracting sequence of sections 
($ 18, lemma 1) we must now establish the corresponding important 
theorem on contracting sequences of closed regions. The sequence 
of regions D,, Dz, ..., Dy, ... with corresponding diameters dj, dy, ..., 
dy, ... 1s said to be contracting if 1) Daz, = Dy (n = 1, 2,...) (Ve. 
theregion D,+, lies entirely within the region D,, and 2)d,—> 0 
(n —> 00). 


Theorem 2. The contracting sequence of closed regions always has one 
common point for all regions of the given sequence. 


Proof. Let us denote by (a,, 5,) the intcrval which is projec- 
tion of the region D, on the OX-axis and by (¢n, d_) a similar interval 
on the OY-axis. Evidently each of the two sequences (dn, bn») 
(n = 1,2, ...) and (¢y,,dy)\(n = 1, 2,...) represents a contracting 
sequence of intervals. Let « be the common point for all intervals 
(an, Dn) (it follows from lemma | § 18 that such a point exists and is 
unique) and let 8 be the common point for all intervals (cn, d,). We say 
that point P («, 8) belongs to each of the regions D,. In fact, if a 
closed region D, exists which does not contain the point P, then, 
according to theorem !, we would have e(?, D;,) =d>0, But 
D,— D;,) for 1> k, and therefore 


p(P, Di) >e(P,Dx)=d (LDA). (1) 


But if Q (x, y) is an arbitrary point of the region D;, then x and « belong 
to the interval (a), 6) and 8 and » to the interval {c;, d,) so that 


e(P, Q)= V(x — a) + (y — BP SV (br — ay + (di en), 
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and therefore 
o(P, Did) < Vibi — 21)? + (di — 61)? (2) 


but 6; — a; > O and d, — c; > 0 for | -> o and therefore, accord- 
ing to (2), p(P, D,) — 0, which contradicts the inequality (1) 
according to which o(P, D;) > d for every 1 > k. Hence the point 
P («, 8) belongs to each region D,. If another point P’, possessing” 
the same property, exists, then let us assume that the distance bet- 
ween the points P and P’ is equal to e; in this case each of the 
regions D, evidently contains both points P and P’ and its diameter 
should not be less than p. But this contradicts the condition that the 
region D,, forms a contracting sequence. ‘This proves uniqueness of 
the point P. 


We shall now prove the “theorem on finite coverage’”’ which is 
analogous to lemma 2 §18. Let us assume that we are given (a 
finite or infinite} set (system) S of regions (D). We shall say that the 
system 5S covers a certain region A if each point of the region A is an 
interior point of at least one of the regions D of the system S. 


Theorem 3. If the system S covers the bounded closed region A, then 
another system can be separated from this system, which consists of a finite 
number of regions and which also covers the region A. 


Proof. Since the region A is bounded, it lies entirely within. 
asquare Q. Let us divide this square into four equal squares by 
drawing straight lines through the middle points of its opposite sides. 
We shall say that a square is “normal” if the part of the region A 
which it contains does not permit finite coverage required by theorem. 
3 (the square which contains no points of the region A is not regarded 
normal). Theorem 3 evidently immphes that the square Q is not 
normal. On the contrary let us assume that it is normal; it can then, 
readily be seen that out of the four squares into which it has been 
divided at least one square must be normal; in fact, if each of these: 
squares would permit finite coverage (or if it would contain no points. 
of the region A), then, evidently, the square Q as a whole would also. 
permit finite coverage. 


Let Q, be a normal quarter; dividing it again into four squares 
we see that at least one of these four squares inust be normal and so. 
on. We can continue this process as long as we please and as a 
result obtain a contracting sequence of squares Q, Qi, Qe... Let P 
be the common point of these squares (according to theorem 2 this. 
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point exists and is unique). Let us at first show that P belongs to the 
region A. In fact, any circle with centre at P evidently contains 
all the squares Q, provided n is sufficiently large and therefore it also 
contains points of the region A. If, when the radius is sufficiently 
small, this circle entirely lies within the region A, the point P is an 
interior point of this region; if however, when the radius is as small as 
we please, this circle contains both the points belonging to A and the 
point not belonging to this region, the point P lies on the boundary 
of the region A; and since the region A is closed, the point P belongs 
to this region in either case. 


It therefore follows from the theorem that a region D of the 
system S' exists where P is an interior point. Any sufficiently small 
circle with centre at P therefore entirely belongs to the region D; but 
such a circle contains, as we know, an infinite number of squares Qn, 
each of which is thus covered by one region D of the system S$ 
whereas, according to its definition, it is normal and cannot permit 
finite coverage. ‘This contradiction shows that our assumption can- 
not be correct, i.e, the square Q cannot be normal and therefore it 
should permit finite coverage. ‘Theorem 3 is thus proved. 


Let us now assume that D, and D, are two bounded closed 
regions which have no points in common and let P be an arbitrary 
point of the region D,. According to theorem 1 there exists a circle 
with centre at P which contains no points of the region Dg. Let 
r(P) be the radius of this circle. Let us agree to call a circle of 
radius 4r(P) with centre at P as “‘proper’’ circle of the point P, and 
let us denote by S the set of “‘proper’’ circles of all points P of the 
region D,. Since the system S covers the region Dy, therefore, 
according to theorem 3, there exists a finite group S” of circles of the 
group 5, which also covers the region D,; let us denote by 5 the 
radius of the smallest circle of this finite group S’. 


Let P, and P, be two arbitrary points which belong to the 
regions D, and D, respectively. The piont P, lies inside a circle 
belonging to the group S$’; let P and {r = }7(P) denote respectively 
the centre and radius of this circle. We then have firstly e(P, Ps») 
> 1 (P) (since the point P, belongs to the region D,) and secondly 
o(P, P;) <<r=4r(P). Therefore 


-o(Py, Ps) > o(P, Pe) — oe (P, Pi) > r(P)—-37r(P) =37(P) 2 8. 


And since P is an arbitrary point of the region D, and P, an 
arbitrary point of the region D, therefore we can conclude that the 
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lower bound of all the distances 9 (P,, P,) is a positive number. This 
lower bound is called the common distance between the regions Dy and D»g 
and denoted by p(D,, D,). We thus arrive at the following impor- 
tant proposition. 


Theorem 4. Jf D, and D, ave bounded closed regions with no points 
in common, then p(D,, Dz) > 9. 


All the concepts, statements and proofs of theorems given in 
this paragraph can be extended to a continuum of arbitrary dimen- 
sions without making any essential changes, as the reader can readily 
show himself. 


§ 88. Properties of continsous functions 


We now possess sufficient knowledge in order to establish the 
main properties of continuous functions of several] variables. 


We at first note that all theorems which we have proved in 
§§ 2] and 22 for functions of one variable also hold for functions of 
two variables. As a result of rational operations with functions 
continuous at an arbitrary point P we again obtain a function conti- 
nuous at that point (in the case of division it is only necessary that 
diviser should not vanish at the point P). The theorem on continuity 
ofa composite function should, in this case, be understood in the 
following sense: if 2 = f(u, v), u = 9, (x,y), v = G2 (%,) and if 
the functions 9; and 92 are continuous at the point P(x, y) in the 
XY-plane whereas the function f(z, v) is continuous at the points 
u = ©, (x,y), v = Pg (x, y) of the UV-plane, then the function 


F(x, 9) = f191 (x, 9), Pe (x, »)], 


which, as given in the above form, is called a composite function of 
x and y, is continuous at the point P. 


All these theorems are proved in exactly the same way as the 
analogous theorems in § 2] and § 22 and we therefore leave the proof 
to the reader. 


We shall now enumerate several more important properties of 
functions of two variables. 


Theorem 1. The function f(x, y) continuous in the closed bounded 
region D ts bounded tn that region. 
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The proof of this theorem is so similar to the proof of the 
analogous theorem | § 23 that the reader will have no difficulties in 
proving it by himself. 


Theorem 2. The function f(x, y) continuous in the bounded region D 
takes its maximum and minimum values in that region. 


We can again leave the proof to the reader, for it is analogous 
to the proof of the corresponding theorem 2 § 23. 


The concept of uniform continuity for functions of two variables 
is in all respects similar to that of functions of one variable and it is 
equally important. The function f(x, y) is said to be uniformly conti- 
nuous in the region D if the following condition holds: no matter 
how small ¢ > 0 be, there exists a 8 > O such that for any two points 
P, and P, of the region D which are at a distance 


e(P,, P ») <6 
we have: 


If (Pi) — f(P2) | <«. 


The following theorem which is similar to theorem 5 § 23 also 
holds : 


Theorem 3. The function f(x, y) continuous at every point of the 
hounded closed region D’is uniformly continuous in that region. 


Although the proof of this theorem is quite similar to that of 
theorem 5 § 23 we shall nevertheless give it here in full since it 1s 
rather complicated. 


Proof. Let P be an arbitrary point of the region D and « an 
arbitrary positive number. Since the function f(x, y) is continuous 
at the point P, therefore at any point P’ of a circle with centre at P 
and a sufficiently small radius e(P) we have : 

€ 


IfP’) — AIP) < 


therefore if P’ and P” are two arbitrary points of the above circle 
{bearing in mind that P’ and P” belong to the region D) we have : 


FE Pare) se (I) 


We can construct a similar circle for every point P of the above 
region D; the radii (P) of these circles will, of course, differ from 
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one another. Let us now imagine that every point P of the region D 
is surrounded not only by our constructed circle of radius pe(P) but 
also by another concentric circle with radius equal to half of the 
radius of the constructed circle, viz. $p(P). This circle is called the 
proper circle of the point P. 


Owing to the fact that each point P of the region D has a proper 
circle, therefore the set S of all proper circles will cover the region D. 
It therefore follows from theorem 3 of the previous paragraph that 
there should exist 'a finite group C,, C,,..., C, of proper circles 
which would also cover the region D. Each of these circles Cz has 
its centre at P;, and radius equal to 49(P,). Let us denote by 5 the 
smallest of these n radil. 


Let P’ and P” be two arbitrary points of the region D which 
are at a distance 


e(P’, P”) <6, 


and let the point P’ belong to the circle C;, with centre at P; and 
radius $0(P,). We then have 


e (P’, Pr) < $e(Px); (2) 
whereas for 8 < to (P;,), 
p (P’, P’) < 30 (Pa); (3) 


it follows from (2) and (3) that 
p (P”, Py) < P (Py), 


i.e. the point P’’ belongs to the circle with centre at P, and radius 
0 (Px); and since the point P’ also belongs to that circle therefore 
the inequality (1) holds. But ¢is arbitrarily small and P’ and P’’ are 
two arbitrary points of the region D which are at a distance less 
than 8. Therefore the function f(x, y) is uniformly continuous in the 
region D, which was to be proved. 


We leave the reader to show that all results and proofs given 
in this paragraph can be extended without essential modifications 
to continuous functions of any number of variables. 


§ 89. Partial derivatives 


We shall now study the theory of differential calculus relating 
to functions of several variables and at first deal with functions of 
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two variables. Here again the evaluation of the rate of change of 
the function is very important; however, in this case the problem is 
much more complicated. larlier the course of 
the process was described by the variation of +4 
one variable x and all we had to do was to | 

observe the rate of change of the function | 

y = f(x) when the variable received this or | ‘ay 'y 
other increment; on the other hand, we are | A a 
now dealing with a point P(x, y) in a plane; ole ar 7 
this point can not only be displaced in distance Fig. 52. 

but also in any direction and it is clear that in 

general the rate of change of the function uw = f(x, y) will differ when 
this point is displaced in different directions. Hence in order to 
solve this problem fully we shall have to analyse ali aspects of this 
complicated picture. 


However, we shall at first only consider the simplest case when 
out of the two coordinates x and y of the point P only one changes 
while the other remains constant so that the point P is displaced in the 
direction of one of the coordinate axes. Let, for example, the vari- 
able x receive an increment Ax while the variable y remains constant 
so that we go from the point P(x, y) to the point P’ (x + Ax, 9) 
(fig. 52). The function u == f(x, y) evidently receives in this process 
the following increment 


Au = f(x + Ax) — f(x»). 


The ratio A u/ A x thus gives us the average rate of change of the 
Junction u with respect to the variable x in the interval (x, x + Ax) for the 
given constant value of the variable y. If the following limit 


Pee eer ee 
lim 4¢@ = lim Le tA) = fly) 


Ax-0 Ax Ax 30 Ax 


exists for A x — 0, we can evidently regard it as the local rate of 
change of the function u = f(x,y) with respect to the variable x at the point 
P(x, y). It is obvious that « and y are constant in this limiting 
process, while Ax alone changes. However, the magnitude of the 
limit will evidently depend on the chosen values of x and y; 
generally speaking it will be different at different points (x, y) and, 
like w, it is a function of x and y (that is why we speak of the local 
rate). This quantity is known as partial derivative of the function 
u = f(x,y) with respect to x and denoted by du / dx or of (x, 9) / Ox 
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or f’2(x, y). In the first case the letter 9 (round) and in the second 
case the lower index x show that we are differentiating with respect 
to one of the two variables while the value of the other remains 
unchanged (fixed). 


Thus 


ou__ of (x, 


Ox ax 


— x, 
pe iT ye a eh eet OE De 
Ax>0 4&* Ax >0 Ax 


Similarly the following quantity 


ou ef (x,y) Se ee AU iim FG AAD ST ED 5 
ay oy Aj 0 AP pvy0 AJ 


is known as partial derivative of the function vu = f(x.) and 
expresses the local rate of change of this function with respect to 
the variable y; here the rate of change of u is involved when the 
point P (x, y) is displaced in the direction of the OY-axis. Hence by 
knowing both partial derivatives Qu/ox and Qu/dy at the point P we are 
evidently able to judge the rate of change of the function u = f (x,y) 
when the point P (x, y) is displaced in the direction of one of the 
coordinate axes; however, from partial derivatives of a function we 
cannot judge about its rate of change when the point P is displaced 
in other directions. 


From what has been said above it is clear that finding of 
partial derivatives of functions given in concrete form does not 
necessitate the use of any new methods. ‘Thus, in order to find, 
Say, Ou/dx it is sufficient to find the usual derivative of the function 
u = f (x, y) with respect to x assuming y to be constant in this pre- 
cess, so that w becomes a function of one variable w. 


Example. u = y? sin 3x, a = 3y’ cos 3x 


Ow 

cu Z7y sin 3x 
—— in 3 
oy 78 


Partial derivatives of a function of two variables can be readily 
illustrated geometrically. The equation u =f (x,y) expresses a 
surface in three-dimensional space; by giving yan arbitrary fixed value, 
for example y = 5, we concentrate our attention on a cross-section of 
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this surface by the plane » = 0); this cross-section is a flat curve 
whose equation has the form 


u == f (x, b) (1) 
(fig. 53). The partial derivative 
du/gx at anarbitrary point P (a, d) 
is the usual derivative of the func- 
tion f (x, b) with respect to x at the 
point @ and is therefore equal to the 
angular coefficient of the tangent 
to the curve (1) drawn at the point 
x =a (i. e. the tangent of the angle 
between the direction of the tangent 
and the positive direction of the 
OX-axis). @u/dy can be illustrated 
in exactly the same way. Fig. 53 


Partial derivatives of functions of three or more independent. 
variables are determined similarly; if, for example, 
u= f(x, 9, 2), 
then \ 


Ot im LX AI 2) —S (He), 


0X Ax+0 Ax 


ou/¢y and Qu/dz are determined similarly. It is obvious that a 
functicn of 2 independent variables nas n different partial derivatives. 
Each of these derivatives expresses a local (calculated at the given 
poiat of the n-dimensional space) rate of change of the function in the 
direction of the corresponding axis of coordinates. ‘This geome- 
trical representation can only be imagined visually for n = 1,2 
and 3. 


Not many exercises need to be done in connection with this 
paragraph. The student shculd only solve 5—6 problems chosen 
from among Nos. 66-81, Section VI of the Problem Book by B. P. 
Demidovich. 


§ 90. Differentials 


When we were studying the function » = f(x) of one variable 
x, each displacement of the point x to an arbitrary new point x + Ax 
corresponded to another quantity dy which is called differential 
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of the function y corresponding to the given displacement of the 
point x. The differential dy is defined as the product f’(x) Ax and 
has the following two properties: (1) it is proportional to the 
displacement Ax of the point x and (2) when Ax — Q, it differs 
from the increment A y = f(x + A x) — f(x) of the function » 
by an infinitely small quantity of a higher order as compared to 
Ax. Many applications of the differential are based on these two 
properties. We have also learnt that these two properties fully 
define the differential of the function » so that no other dy possessing 
the same properties can exist. 


While dealing with a function u = f(x, y) of two variables it 
is desirable to construct a quantity possessing analogous properties. 
Let us assume that we go from the point P (x, y) to another point 
P' (x + Ax,y+ Ay). Letus denote by p= WAx+ Ay® the 
distance between these two points. We wish to construct a quantity 
which would play a similar part for the function u = f (x, y) as the 
differential for functions of one variable and correspond to the 
transition (displacement) of the point P to the point P’. Since the 
differential of one variable has the form A Ax, where A is independent 
of Ax, (but generally it depend on x) therefore, in this case, the 
quantity du should be a linear combination of the increments Ax 
and Ay, 7. e. it should have the form 


du=AAx+BA), (1) 


where A and 8 are independent of Av and Ay (but they generally 
depend on x and y). This condition evidently corresponds to the 
first of the above properties of a differential. Its second property 
involves the fact that the difference between the increment and the 
differential is an infinitely small quantity of a higher order as 
compared to the magnitude of the displacement which in the 
first case is measured by | A x| and here by the distance 
e= V A x*-+ Ay between the points Pand P’. Therefore in the 
transition from the point P to the point P’ it is necessary that the 
differential du of the function u = f(x,y) should differ from its 
increment Au= f(x, + A x,y + Ay) —f (x, 9») by an infinitely 
small quantity of a higher order as compared to . 


Both these conditions can be combined if we accept the 
following definition. 


The differential du of the function u =f (x, y) at the point P (x, y) 
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is an expression of the form(1), where A and Bare independentof Axand Ay 
Yffrs=Vaxr+ayroso 


Au — du = 0 (9) (2) 


where Aw is the increment of the function u received in transition 
from the point P (x, y) to the point P’ (x + Ax,y + A)). 


The coefficients A and B cannot be determined directly from 
this definition and we can draw no conclusions as to existence and 
uniqueness of the differential of the given function u = f(x,y). We 
shall now consider these problems. 


Theorem 1. Jf the function u = f(x,y) has the differential (1) at 
the point P (x,y), then both partial differentials Qu] 0x and Qu | dy also 
exist al that point and A = Qu | ex, B = du | Oy, 50 that 


Proof. Let x receive the increment Ax while y remains cons- 
tant (A y = 0) 7.e. we displace the point P in the direction of the 
OX-axis; we thus have du = A Ax and therefore 


Au =du-+o(p)=AAx+0 (| Ax)), 


Since in our case we evidently have ep = | Ax|. Therefore 
BUS INE BRD Te. 0 (| Axl) _ 
a ae =A+ a = A+ o0(l) 


when Ax — 0, the limit of the right-hand side is equal to A; hence 
the left-hand side also has a limit which is also equal to A; in other 
words, cu / dx exists and is equal to 4; we can prove similarly that 
ou / Oy exists and is equal to B. Hence theorem | is proved. 


Uniqueness of the differential follows from theorem I. 


Theorem 1 shows that, as in the case of functions of one varia- 
ble, existence of a differential implies existence of the partial deri- 
vatives gu / gx and Qu / dy. In the case of functions of one variable 
the converse proposition is also true: existence of a derivative implies 
existence of a differential so that we can define differentiability of a 
function either by existence of a derivative or of a differential, since 
these two definitions are equivalent; it is therefore natural to ask a 
similar question in the case of functions of two variables: let it be 
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given that the function uw = f{(x, y) has both partial derivatives 
qu / ox and Qu / @y at the point P; does this fact imply existence of 
the differential du at that point? It is not difficult to foresee that 
this condition is not compulsory in this case; with functions of one 
variable the derivative fully describes the rate of change of the func- 
tion; in the case under consideration the, knowledge of du / @x and 
gu / 0» only makes it possible to determine this rate in two out of an 
infinite number of possible directions; hence it only describes vari- 
ation of the given function to a very limited extent. 


It can be readily shown that, in general, existence of partial 
derivatives at a given point does not, in fact, guarantee existence of a 


differential. Let us consider the function u = f(x,y) = V| xy | in 
the neighbourhood of the point (0,0). Since «= 0 everywhere 
along the OX and OY axes, therefore ¢u /@x = 0 and qu /dy = Oat 
the point (0, 0). If the function uw would have had a differential at 
that point, then, according to theorem 1, we should have for every 
Axand Ay 


du =O; 


it therefore follows from (2) that Au = 0 (0). But if we choose 
Ax = Ay > 0, we have: 


o= VAPTAP=AxV2, Au=f(Ax, Ax)—f (0,0) =Ax, 


and when Ax —0, the increment Aw is of the same order of 
smallness as compared to the displacement p. We thus arrive at a 
contradiction which shows that the function u does not have a diffe- 
rential at the point (0, 0) although both its partial derivatives exist 
at that point. 


‘Therefore in the case of functions of two variables existence of 
a differential is a stronger condition than that of partial derivatives. 
However, we must regard cases when there exist partial derivatives but 
no differentials as exceptions rather than the general rule. This is 
shown by the following theorem which assures existence of differentials 
in many real cases. 


Theorem 2. [fat the point (x, y) the partial derivatives Qu | Ox and 
ou | oy of the function u = f(x, y) exist and are continuous, then the func- 
tion has a differential at that poitit. 


Obviously the condition that the functions gu / @x and @u / ay 
are continuous implies that these functions also exist in a neighbour- 
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hood of the point (x, y) (in a circle with centre at (x, y) and a suffi- 
ciently small radius), for otherwise continuity of these functions at 
the point (x, y) would be void. 


Proof. Assuming that P = 1/ Ax*® + Ay, du= Qu/ax. Ax + 
+ du/dy. Ay we must prove that for 9 > 0 


Au — du =o (p). 

We have: 
Au=f(xt ax, yt Ay)—f (% = 

=f (x+ Ax, I+ AY) Sf (% DEA IAS (% PFAI—S(% 9). (3) 
The right-hand side of this equation contains the sum of two diffe- 
rences. Let us consider the first of these. The second argument of 
both terms has the same value y + Ay; we can therefore regard 
this difference as the increment Ax of a function of one variable x. 
If | Ax|and| A_y| are sufficiently small, then this function has a 
derivative at every point of the interval (x, x + Ax); this derivative 
is nothing but the partial derivative of the function u with respect 
to the variable x in the immediate neighbourhood of the point (x, y) 
whose existence is preassumed. We can therefore apply the theorem 
on finite increments (§ 36) and write 

f(x+ Ax, IFA I)—Sf(% IEAM =Me FTAA, IFAD); 


where 0 < 6, <1. Similarly we obtain for the second differenée on 
the right-hand side of the equation (3) 


f(x, 9 + AI) —f(% I) = Sy (% DA 2A YD), 
where 0 < @ 2 < 1. Hence equation (3) gives: 
Au=f'ilxt Ax, 9 + AX) AX + Sy(% ¥ + O2 AAD, 
and consequently 


Au—du = [f’2(«+ 0,Ax, y+ AY) fal %, yy] Ayt 
+f a(*, 9 +02 AY)—Soy(% 9)] ADs 


and since evidently 
|ax|<p, [Ay] SP, 
therefore 


| Au—du| 


; <I fale tO, Ax, +A I) —f'2(% 9) | + 


+S lt, 9+ O28 9)—f'ul% I): 
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Since the functions f’,(x, y) and f’,(«, y) are continuous at the point 
(x,y), therefore both terms on the right-hand side tend to zero for 


o -> 0; we therefore have 


lim AU¥—~ a _ 9 
p->0 Pp 
or, which is the same, 
Au = du + o(0); 


this proves that du = du/ax. Ax + Qu/dy. Ay is the differential of 
the function u at the point (x, ). 


Let us also make the following remark. If we have 


u == f(x, 9) = 4%, 
then 
ch — 1, oe rt 0, 
Ox Oy 


and consequently 
du = dx = AX; 


similarly by considering the function u = y we arrive at the conclu-- 


sion thatdy = Ay. Hence in this case, as in earlier cases, the 
increments of the independent variables and differentials are 
equivalent to one another. ‘This also shows that the differential of 
the function uw, in case it exists, can be written in the form 
= ot ie + oe Oy 
ax Oy 

Owing to the fact that with functions of two variables existence 
of a differential is, in general, not equivalent to existence of partial 
derivatives, the question naturally arises, when the function of two 
variables is differentiable at a given point. The answer to this 
question is, toa certain extent, provided by what we have learnt so 
far. As we know, the differential describes the behaviour of the 
function during displacement in any direction whereas partial 
derivatives only tell us as to what happens when the point is 
displaced in two well defined (mutually perpendicular) directions 
(the partial derivatives may even disappear when the coordinate 
axes are rotated about the given point). It is therefore natural to 
say that the given function / (x, y) is differentiable only at points where 
it has a differential and we cannot be satished by the mere existence 


du 


DIFFERENTIATION OF FUNCTIONS 419 


of partial derivatives. The usefulness of this definition of differenti- 
ability will be confirmed on many future occasions and paricularly 
in the next § 91. 


The concept of differential and all its properties can be 
extended without essential modifications to functions of three or 
more variables. ‘Thus in the case of the function u = f(x, yy, Z) we 
define the differential du at the point (x,y,z) by the following 
expression 


du=AAx+BAy+C Ag, 
where A, B and C are independent of Ax, Ay and Az provided 


we can readily show that for existence of the differential it is 
necessary that A = Qu/dx, B= du/dy, C = Qu/dz. In particular, 
dx = Ax,dy = Ay, dz = AZ, so that 


Cu 
Oy 
‘The function u which has a differential at the point (x, y, z) is said 
to be differentiable at that point. Existence of partial derivatives 
of the function u at the point (2, y, z) does not guarantee its 
differentiability at that point; however, if all three partial derivatives 
at the point (x, y, z) are continuous, then the function u is differentiable 
at that point. 


_ bu au 
dale ec dy + ay Ae 


For exercises to § 90, cf Problem by B.P. Demidovich, Section 
VI, Nos. 96a, 97a, 104. 


§ 91. Derivatives in arbitrary directions 


We have already said on several occasions that partial 
derivatives of functions of two variables only define the rate of 
change in the direction of the axes of 
coordinates ; there are no general reasons » 
for isolating these two directions from 
among all other possible directions; we 
must therefore now consider the rate of 
change of the function u = f(x, y) when 
the point (x, y) is displaced in an arbitrary 
direction. 


i) 
Let us draw a straight line through @ 
the point P(x, y) to make an arbitrary Fig. 54 
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angle » with the positive direction of the OX-axis (fig. 54) and move 
from the point P(x, y) to an arbitrary point P’ (x +Ax,y + AY) 
which lies on the drawn straight line. The distance ep between the 
points P and P’ is evidently equal to ~/ Ax? + Ay*. Dividing the 
increment Au = f(x + Ax,» +Ay) — f(x, ») received by the given 
function in the transition from the point P to the point P’ by the 
distance p between these points we obtain a quantity which can be 
regarded as the average rate of change of the function in this transi- 
tion; if this average rate tends to a definite limit for ¢ — 0, then this. 
limit should be regarded as the (local) rate of change of the function 
at the given point in the direction determined by that of the drawn 
straight line which, for the sake of brevity is called as the “direction 
o’’, This limit, in case it exists, is called the derivative in the direction 9 
of the function u = f(x, y) at the given point (x, y) and denoted by 
Do f(%, 9) or Deu. 


Hence 


f(x + Ax y + AY) ~ f(%, 9) 
e ’ 


D of («, ») = lim 
e—0 


e>0 
where p = V Ax? + Ay" and where it is assumed that Ax and 
A y change in such a way that the point (x + Ax,» + Ay) always 
lies on the straight line drawn in the direction 9 (for this to be so 
it is evidently necessary and {sufficient that we should always have 
A»/Ax = tan 9). It is clear that the partial derivative gu/gx is the 
common value of the quantities Djw and—D,u when these two 
quantities coincide; similarly 9u/d» is the common value of the 
coinciding quantities Deu and — Dg-u. 

2 2 


4 


Let us now assume that the function u = f (x, y)is differenti- 
able at the point (x, y), 7.¢. that it has a differential which, as we know, 
is equal to 

Ou 


ou 
du=—-— Ax +t 2 
Ue a RD, 


and in the transition frem the P to the point P’ 


Au=f(x + Ax,y + Ay) —f (x,y) = du + 0 (0), 
hence 
Au Qu Ax , ou Ay, o(g) 


Pp = ax dy ¢ 0 


‘ 


? 
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or, since A x = pcoso, Ay =osin 9 (¢f. fig. 54), therefore 


=. == cos 2 Bae! = sin 9 + ate) 


When the point P’ approaches indefinitely close to the point P 
in the direction 9, 7.e. when 6 — 0, the first two terms on the right- 
hand side of the above equation remain constant while the third 
term tends to zero. We therefore obtain in the limit : 


Deou = lim at ere cos 9 + hes sin 9. 
e>0 ° cx OY 


We have thus proved the following proposition which evidently 
confirms the usefulness of the chosen definition for differentiability of 
functions of two variables. 


Theorem 1. Jf the function u =f (x, y) is differentiable at the point 
P, then it has derivatives in all directions 9 at that point and 


Dou = = cos. ¢ + sin 9. 


We can thus see that for a function to be differentiable it is 
necessary to know the partial derivatives (i.e. the derivatives in two 
mutually perpendicular directions) ; this enables us to write down 
the expression for the derivative in any desired econ without 
performing additional calculations. 


When the given direction is changed to the directly opposite 
direction (7e. from » tog + ~), both cos 9 and sin 9 change their 
signs ; we therefore have for any direction 9 : 


Doz (u) = — Do (u), 


2.¢. the absolute values of the derivatives in two mutually opposite 
directions are the same but have opposite signs. We already saw 
that this holds for derivatives in the direction of the coordinate axes, 


Let us now consider the same problem for a function of three 
independent variables u = f(x,y, z). Let us draw a straight line 
through the point P(x, y, z) to make angles «, B and Y respectively 
with the coordinate axes and take an arbitrary point P’ (x + Ax, 
y+ AX, Z+ AZ) on that line. Let us denote by 


p= Var +tayt+az 
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the distance between the points P and P’ ; we evidently have : 
Ax =ecosa4,Ay=—Pcosfh, AZ = P cosy. 
Let us now assume that the function u is differentiable at the 
point (x, y, z) so that for p > 0 
Au=f(x-+ Ax y+ Ay, 2+ AZ) —f (49, 2= 


= af p cosa +l pcos B + 2 pices? Seay. 


If the point P’ comes indefinitely close to the point P while 
always remaining on the drawn straight Jine, we shall have p > 0, 


while the angles a, 8 and Y remain constant ; we therefore have : 


ae 0T, cos @ + ed. cos § oO eases 
ox az 


lim 
e—>0 ° 


This limit, as in the case of functions of two variables, evidently 
describes the local (at the point P (x, y, z)) rate of change of the 
function uw during the displacement of the point P in the chosen direc- 
tion which is characterised by the angles «,@ and Y. ‘Therefore we 
can in this case also say that the above limit is the derivative Du of 
the function w in the givendirection. Thus if the function u =/f (x, 9, 2) 
is differentiable at the point P, then it has a derivative Du at that point in any 
direction (a, 8, Y) and 


Du = - cos a + os cos B ++ a cos Y. (I) 


For exercises to § 91 cf Problem Book by B.P. Demidovich, 
Scction VI, Nos. 198, 199, 201. | 


§ 92. Differentiation of composite and implicit functions 


We shall now consider two problems dealing with the usual 
differentiation of functions of one variable which we could not study 
at the time, since their solution requires knowledge of the methods for 
differentiating functions of several variables. 


1. Let u=/f (x,y) be a function of two variables x andy 
where each is regarded not as an independent variable but as a func- 
tion of a new variable t: « = 9 (t), y = ¥ (¢) (which isthe same in. 
both cases). We thus have 


w= fT? @),9@) 
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which is now composite function of t. We must find the derivative 
du/dt of u with respect to the independent variable ¢ from the partial 
derivatives Qu/ox and Qu/dy and the derivatives dx/dt= 9’ (t) and 
dy/dt = ' (t). Weare given that all these derivatives exist but exis- 
tence of the required derivative du/dt must be proved. We shall 
assume with regard to the function f (x, y) that it not only has partial 
derivatives but also differential at the point x= (¢), »y = bw (¢). 


Let the increment At of ¢ correspond to the increments Ax 
and A » of x and » which in their turn correspond to the-increment 


Au of u. Let us assume that / A «x? + Ay =o. We know 
that 


Ou Qu 
Au= du +0 (p) = 27 Ax + ee eta 


where « — 0 foro > 0. Therefore 


Au _du Ax, QUAD, el (A. Ay)? 

Al ax at’ ay at ~“ Gerace - 
Let us now assume that At—>0. Therefore Ax ~Oand A y>0 
(since x and y are differentiable, they are also continuous); hence 
e—> Oand also «> 0. But since, on the other hand, the deriva- 
tives Qu/ox and @u/d@y are constant for At-—> 0 and the ratios 
Ax/At and A »/At tend to the limits dx/dt = 9'(t) and dy/dt = W’ (t) 
respectively, therefore the right-hand side of the relation (1) has the 
following limit for At > 0: 

ou dx | Gu @ 


ax dt ' Oy dt ° 


du _ Au ; 
This proves that 7, ee At also exists and 
—_> 


de bed agen (2) 
This simple formula evidently solves our problem. 


The following case which often appears in applications deserves 
special attention, 7.¢. when x = ? (¢)= 1, te when the new 
variable ¢ is the same as one of the old variables. This means that wu 
is given as a function of two variables x and y, where x is the 
independent variable and »y = ¢ (x) is a given function of x:u= 
f{ x, ¥ (x) ]. Assuming in formula (2) that di = dx we obtain : 


du Qu , ou dy 


dx ox ° Oydx” (3) 
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The left-hand side and the first term on the right-hand side of this 
formula represent the derivatives of the function uw with respect to 
the independent variable x; however, these derivatives do not 
coincide with one another, for they are found on different bases : 
du/ax is the partial derivative of u with respect to x, 7. é.jit is calculated 
on the assumption that y remains constant; ‘on the other hand du/dx 
is a “full” derivative of u with respect to x, 7.¢. it is evaluated on 
the assumption that y = & (x) changes in a quite definite manner 
as x changes. Formula (3) clearly shows the importance of different 
symbols used for denoting partial and full derivatives. 


Example. u=~,y = V/1—#; 


x? 
OU es OR tls gs en, 
oxi(itiak OY Oo”? a, ee, eae 


du _ y 1 x x? + 92 1 


The problem of the derivative du/di when u is given as the 
differential of a function of any number of variables, each of 
which, in its turn, is a differentiable function of f, is solved in 
exactly the same way. Thus when u = f (2, y, z), x=o(t), y= (E), 
z= X(t), we have: 


du __ gu dx Ou dy oudz Qu , ou, Qu, 

di audi ' dy dt gzdt dx® (st ay Ost as Z(t). (4) 
The reader will have no difficulty in deducing this formula in the 
same way as formula (2) is deduced above. 


In all the cases which we have considered so far the problem 
involves one independent variable (which is denoted by ¢). However, 
it often happens in applications that there are several independent 
variables. Let us assume that we have, as above, u =f (x, y) 
but let this time x and y be functions of two variables x = ? (¢, 5), 
y=(t, 5s). In this case u = f[ ? (é, 5), b (é, 5) ] also becomes 
a function of the same variables; we thus have a composite function. 
Our problem involves the [following : we know the partial deriva- 
tives of the function f (x, y) with respect to x and y and also the 
partial derivatives of the functions ¢ (/, s) and  (¢, s) with respect 
to t¢and s; we are required to find the partial derivatives of u with 
respect to ¢ and s. Since partial differentiation does not differ in 
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any way from ordinary differentiation (but is carried out under 
definite conditions), this problem does not require further consi- 
deration. It is solved by means of relations analogous to formula 
(2s 

cu du ex 


= 7, cudy 
of 36a ect 


T 39 a 


ww 


Ou __Qucx , cudy , 
cs exes Oyas ’ 


we obtain similar results when the number of intermediate functions 
or the number of independent variables is greater than two. 


2. Let us now consider the second problem. We are given 
an arbitrary equation with two variables 


F (x, 9) = 0. (5) 


Generally speaking this equation defines one or _ several 
functions y of the independent variable x *); thus, for example, the 
equation 


xy — 2x + 3y—-1=0 


defines one function y=(2x*+1)/(x+3) and the equation x?-+)?—1=0 
two functions: y= + V1l— x2 and » = ~— V1 — x* **); many 
cases are known when functions defined by the given equation (5) 
cannot be expressed in terms of x by means of elementary formulae 
in the way it is done in the above two simple examples; however, 
regardless of whether such an expression is possible, every function 
y =f (x) which within a region of values of x identically satisfies the 

*) The conditions under which this takes place will be considered in detail 
in chapter 24. 


**) Strictly speaking we only obtain two functions when we restrict ourselves 
to continuous solutions of the given equation. The above equation defines an infinite 
number of discontinuous functions. Any one of the following functions is a solution 
of this equation : 


—-VJ1l—x (-1<x<a) 
2 teal et. eer = 1), 
where « is an arbitrary number between — 1 and + 1. The most general solution 
of the above equation can be written as follows: y = W (x) /1 — x®, where 
V1 x? > Oand W (x) is an arbitrary function which only takes the values + i 


and — I. 
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equation (5) is said to be an implicit function described by this equa- 
tion. It is our problem to find derivative of such a function. 


Let y = f (x) be an implicit function given by the equation (5) ; 
we therefore have in a region 


F(x, f (x)] = 0, 
for every x and therefore in this region we also have 


di? [x. f(x] _ 0 
dx 


for every x. Let us now assume that both the functions F (x, y) and 
f (x) are differentiable; we then obtain from formula (3) : 


aF ix f()l oF , ody 


dx Ox ay dx’ 


hence when y = f (x) we have in that region 


oF ol dy 


— Z- S 


Ox aydx 


and therefore 


oF 
dy _ ox 
oy 


(provided, of course, that oF / dy < 0). 


This formula solves our problem. However, we must make 
the following remark. It may appear strange that we have succeeded 
in finding a ‘‘definite’’ expression (6) for the derivative dy/ dx though 
we -were unable to express the function itself in a ‘‘definite’’ form, 
1.e. to solve the equation (5) with respect to y. The solution of this 
equation would require that y should be expressed in terms of x by 
means of an elementary formula; it would indeed be strange if we 
were unable to do this for the function y, while we could always do it 
for its derivative dy { dx; however, formula (6) does not give us such 
an expression for dy / dx; since 0F / 0x and oF / dy are given as func- 
tions of two variables x and », formula (6) expresses the derivative 
dy [| dx in terms of these two variables. Hence if we do not know a 
definite expression for the function y in terms of x, then formula (6) 
cannot give us either a definite expression in terms of x for the deri- 
vative of this function. 
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Nevertheless, formula (6) which establishes a connection bet- 
ween the derivative of an implicit function and the partial deriva- 
tives of a function of two variables which describe it is of great 
importance in theory and has many important applications, some of 
which we shall consider later. 


Example. Let yy be an implicit function of x given by the 
equation 


F(x, y) = x98 — Py — 2 = 0; 
we have: 


ie 5x‘ y, oe 5xy* — x5, 


Ox Oy 


and formula (6) gives: 


G3. So) 
dx x (Sy* — x") 


For exercises to § 92 cf. Problem Book by B. P. Demidovich, 
Section VI, Nos. 137-139, 222-226, 229, 231. 


§ 93. Homogeneous functions and Euler theorein 


A polynomial P (x, y) of two variables is said to be homoge- 
neous if sum of the indices of the variables x and y of all its terms 
has the same value £; the latter is known as degree of homogeneity of 
the polynomial. Thus the polynomial 


ax® +. bx? y + cxy® + dy* 


will be homogencous of degree 3 regardless of the coefficients a, 0, ¢ 
and d. 


If P (x, y) is a homogeneous polynomial of degree i, we evident- 
ly have for every ¢ (and for all x, y) 


P (ix, ty) = #P (x, J): 


This property of homogeneous polynomials is very useful for the 
development of the concept of homogeneous functions. We shall 
agree to say that a homogeneous function of degree k is a function f (x, 7) 
which identically satisfies the following relation (7 ¢. for all values of 


x, J, ty: 
S (tx, ty) = tf (x, 9). (1) 
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In contrast to polynomials the index k can, in this case, have 
any real value; it is self-evident that in such cases ¢can only take 
values for hich t* has a definite meaning; thus, for example, we 
should have ¢ 4 0 for k < 0,¢ > 0 for k = 3, etc. 


Examples. (x? + y*)/(x +»), (x—y)/(« +9), (x +y)/(? +9”) are 
homogeneous functions of degrees respectively equal to 1, 0 and —1. 


The following simple and very ccnvenient relation developed 
by Euler holds for partial derivatives of homogeneous functions. Let 
J (x,y) be a homogeneous function of degree k. We shall assume 
that x and y are constant in the relation (1) while ¢ is variable so that 
both sides of this relation are functions of ¢. We can then differen- 
tiate the identity (1) with respect to ¢. On the left-hand side we 
evidently have a composite function of ¢ whose derivative can be 
found by means of formula (2) § 92: assuming that tx = u, ty = 2, 
we obtain: 


Uf (u,v) _ Of (u,v) du, af (u,v) dv_ af fue v) , of (u, v) 
dt mae yen cep pe ae TO age 


The derivative of the right-hand side of the relation (1) is equal to 
kt*— f (x, y) ; the two derivatives obtained are equal to one another 
for all values of x, y, 4; assuming, in particular, that = 1, we obtain 
u = x, v = y and therefore 


2 OT) + y END kf (x, 9). 


This is Euler’s relation. The same method can be readily used for 
finding analogous relations for homogeneous functions of any number 
of variables: we shall only state the result for functions of three 
variables. 


The function f(x,y, z) is said to be a homogeneous function of 
degree k if the following relation holds identically : 


PS DA! SB 2) 


if this function is differentiable, we have: 


val of of 


+ Jay a i oe 


For exercises ¢f. Froblem Book by B.P. Demidovich. Section VI, 
No. 93. 
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§ 94, Partial derivatives of higher orders 


The partial derivatives gu /0dx and gu/ dy of the function 
u = f(x, y) are functions of the same variables x and y on which u 
depends. Therefore the operations of partial differentiation with 
respect to either of these variables can again be applied to these 
functions. ‘The partial derivatives with respect to x and y of the 
functions gu / dx and Qu / dy are said to be derivatives of the second 
order with regard to the initial function wu. Each of the derivatives 
gu/ ox and du/dy gives rise to two derivatives of the second 
order so that we obtain in total four derivatives of the second order 
usually denoted as follows : 


0 /ou O7u He 
gage) ~ et See HI 
OG fOu Ns. 0-8 -~ ois 
re, a Oxo? =f ay (x, 9), 
0 fou \:. Ou . Ae %, 
cre = Oy Ox =f 5D) 
Q fou hk ae 

ay =) = By =f yy (% 9): 


Each of these four derivatives of the second order is a function of the 
same variables x and y and can in its turn have partial derivatives 
with respect to these variables which we shall call derivatives of the 
third order of the function wu; derivatives of the third order are 
defined in exactly the same way as above so that no additional 
explanations are needed ; thus ) 
3 
sees = Sze (69) 

denotes a function obtained as a result of differentiating the function 
u = f(x, y) three times where the first two differentiations are carried 
out with respect to x and the third differentiation with respect to J. 
In general the partial derivatives of the first order of any derivative 
of order n are said to be partial derivatives of order n + 1 of the 
function uw and denoted in the way described above. It is evident 
that for a function of two variables the number of derivatives of the 
third order is equal to eight and, in general, the number of deri- 
vatives of order n is equal to 2”. Partial derivatives*of higher orders 
are very important in mathematics of accurate nature study; they 
are also extensively used in mathematical physics. 
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Partial derivatives of higher orders possess one very important 
property which considerably simplifies the set of these derivatives 
and their formulae. This property is due to the fact that if two 
partial derivatives of the same order differ from one another only by 
the order in which differentiation is performed and if they are both 
continuous, then they are exactly alike. 


Let us at first consider derivatives of the second order. The 
functions f’’zy (x, y) and f''ys (x, y) are obtained from the function 
u= f (x, y) as a result of two differentiations. In both cases one of 
these differentiations is with respect to x and the other with respect 
to y; the only difference is due to the order in which these differenti- 
ations are performed. We say that if at a certain point (x, y) the 
funtions f”’,, and fy, are both continuous, then 


I ny (9) = Fyn (9). 
In order to prove this let us consider the expression 
A=f (xt Ax, y+ AV)—Sf (xt Ax, IS (It AD) t+ f(s, 7): 
Assuming, when y and A » are constant, that 
S(% 9 + AY) — £(% 9) = 2 (x) 
we can evidently write 


= (x + Ax) — 9(x). (1) 


Existence of the second derivatives of the function { implies 
existence of the first derivatives in the neighbourhood of the point 
(x, _); therefore the function © (x) is differentiable in the interval 
(x, x + Ax), provided A x and Ay are sufficiently small. Applying 
the theorem on finite increments to the right-hand side of formula (1) 
we obtain : 


A=(x+ 9, Ax AX, 


where 0 < 6, < 1. But it follows from the definition of the function 
o (x) that 


e' (x) = f'n(x,y + Ay) — S's (x9), 
so that we obtain : 


A=[f'r(s+%Ax, y+ A 2) —f'(x+0Ax, Ax. (2) 
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But, on the other hand, the application of the theorem on finite 
increments to the difference in the square brackets on the right-hand 
side of the above equation evidently gives : 


flalat 6; Ax, y+ A) — fial(e + 6, A%,y = 
=f" a(x + 01 A%,9+ 6247) AD, 


where again 0 < @, <1. Therefore the relation (2) gives: 
A=flm(e tO any t Oc AN AXAY. (3) 


Let us now return to the initial expression for the quantity A 
and transform it in another way. Let us assume that 


f(x + A*, 9) —f(%9) = 49); 
so that 
A= (y+ Ay) —¥()), 
or, applying the theorem on finite increments, 
A=Vipyt+t&Ay)AD; 
where 0 < 63 <1. It follows from the definition of the function 
w(y) that 
O' (9) = f’y(e + Ax, 9) — fy (es), 
and we obtain: 
A=([f'y(e+Ax%y + 0349) —fuls 7 + Os ANIA YD, 
or, applying again the theorem on finite increments 
A=f"yz(et+ AI + OzAV AXAY (0< 04 <!). ©) 
Comparing the equations (3) and (4) we obtain for Ax Ay 40 
SF aye +O Bx, I+024 9) =f ye(¥+O,A%, PE O34 9). 


Let us now assume that Ax and Ay tend to zero so that we always 
have Ax Ay #0. Since, according to our assumption, the functions 
Say and f’"y, are continuous at the point (x, y), therefore the limiting 


process gives : 
fay (4,9) = Soe (% 9); (5) 
which was to be proved. 


Let us now consider the general case. Let us assume that we 
have at first two partial derivatives of the same order 2 2 2 which 


432 A COURSE OF MATHEMATICAL ANALYSIS 


differ from one another only in that in the first of these derivatives 
two consecutive differentiations are carried out in an order reverse 
of the other, for example 


5 if 
Sf! veers FT nana 


where the difference is due to the commutability of the second and 
third differentiations and all other operations are carried out in 
exactly the same order in both cases. However, it follows from the 
above proof that two such derivatives are exactly alike (in view of the 
necessary condition of continuity); thus, by applying equation (5) 
to the function f’, (x, y) in our example, we obtain : 


me _— yee : 
ea rry = f ay > 


continuing differentiation on both sides of this equation first with 
respect to x and then with respect to », we obtain an equation for 
the two given derivatives of the fifth order. 


However, in the most general case when we are given two 
arbitrary derivatives of order n which differ from one another 
only by the order of differentiations, we can evidently pass from 
one to the other by exchanging two successive differentiations. Since 
these commutative operations leave the derivative unchanged, the 
two derivatives will remain alike. 


The proved proposition considerably reduces the number of 
different derivatives of order n and gives a better insight into the 
set of these derivatives. In fact, if the order of differentiations is 
irrelevant, then we can evidently obtain any desired derivative by 
differentiating first with respect to x and then with respect to y for 
the required number of times; therefore any derivative of order 2 
of the function wu can be represented in the form 

o"u 
Oxkg yr 5) 
where k is one of the numbers of the series 0, 1,..., %. This shows. 
directly that the number of different derivatives of order n is equal 
to n + 1 whereas we had 2” such derivatives earlier, i.e. when n was 
large, the number of derivatives was many times greater. 


The definitions and notations used for partial derivatives of 
higher orders also hold for functions depending on three or more 
variables. ‘Vhe possibility of changing the order of differentiations. 
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also holds for such functions provided the functions which are 
compared with one another arecontinuous. ‘The proof ofthis theorem 
follows directly from what is said above, since all changes in the 
order of the differentiations for functions of any number of variables 
can evidently be brought about by a series of commutative 
operations of two successive differentiations and such a change, as 
we have shown, leaves the result unaltered. 


For exercises to $94, cf. Problem Book by B.P. Demidovich. 
Section VI, Nos. 82,112,113,118-120, 162,164,166. 


§ 95. Taylor’s formula for functions of two variables 


All considerations which at the time (chapter 9) prompted 
us to represent functions of one variable by Taylor’s formula remain 
fully valid for functions of any number of variables: here, as before, 
‘it is very convenient both theoretically and practically to represent 
the given function approximately in the form of a polynomial of a 
given degree. On the other hand, our initial assumptions as to the 
validity of this representation are the same as before. At that time 
we obtained Taylor’s formula by developing the simple formula 


f(x + h) — f(x) = hf'(*) + o(h), 


which holds for every differentiable function. For a differentiable 
function of two variables u = f (x, y) we have an analogous formula 


Au=f («th yt k)—f (x, 9) Sh fo (x,y) FAS us») +0(0), 


where P= VW Ax? + Ay* We have therefore good reasons for 
trying to obtain in this case an approximate expression for the 
quantity f(x + A, y + &) in the form of a polynomial in powers of 
the increments A and k&. ‘Taylor’s formuia could, in fact, be obtained 
by repeating with corresponding changes and complications the 
whole deduction which in chapter 9 gave us Taylor’s formula for 
functions of one variable. 


However, there is a much simpler and shorter way which wil. 
give us the desired result if, instead of starting from the very 
beginning, we assume that we have already established Taylor’s 
formula for functions of one variable. ‘This method is also conven- 
ient in that it is carried out in exactly the same way for functions 
of any number of variables and for the sake of brevity we only 
restrict Ourselves here to the consideration of functions of twe 
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variables. We shall assume that the values x and y and their 
increments /# and & are constant and we shall consider the function 


P(t) = f(x + At, y + Ke) (1) 


of one variable ¢ in the interval O<t<I. Let us assume that the 
function f(x,y) has all partial derivatives inclusive upto the order 
n and all these derivatives are differentiable at the point (x, y). It 
then follows from formula (2) § 92 that the derivative 9’(¢) exists 


and is equal to 
af te Of d(y + kt) , of 2 of 
> “Oy 


a dt +3 y dt Ox 


where both partial derivatives are taken at the point (x + At, y + kt). 
Applying the same formula to the function 9’ (t) and using the fact 
that as a result of (5) § 94 


where again all partial derivatives are taken at the point (x + At, 
y + kt). Using the same method we obtain further : 


wre d ef e oe “Og. 0 < 
? W- + 3h? he 3hk? + k 
i a axd 9? ie 
These formulae show that in case all constituent partial deri- 


yatives exist and are differentiable, the following general formula 
holds : 


n rhn—r br anf : 
” ( ( Je, h k 5. v9 yt 3 (2) 
r=(0 


where all partial derivatives are taken at the point (x + At, y kt). 
Formula (2) proved for n = 1, 2, 3 can be in general proved by means 
of induction from n to n + |, as we shall now see; this proof is simple 
and clear in principle but it involves rather bulky calculations. 


Let us assume that formula (2) is valid for a given n and let all 
‘its constituent partial derivatives be differentiable at the point 
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(x +ht, y + kt). Applying formula (2) § 92 to the function ¢"(t) we 
obtain : 


n 


n+1 n+l 
(nt1) (7) — rRn—rer C ui f- Q ace = 
p (z) Ls h k ae oy" a ae Ox “79 ytti 
T= 


7 


— re C,tAntiarpe o” ie = Ve, rin? prvi eB i al »3 a y. 


Ox n41—7T 4 af oy Oxt—t qyrtt 
r=0 r=0 


In the second of these sums we shall change the index of summation 
‘by assuming that r = s —15 hence 


n+l 


lg Sala 
= s—l Entl— s = 
y. Catt Att ah toca 


s=1 
-or, denoting the new index of summation by 7 as before 


n+1 


r—1 Jnt+l-r Lr os mas 
a = > C, fl yrtl-r 5 eye (3) 


r=1 


Let us also note the following fact: if we agree to consider for 
every n 


Cyt = Ct = 0, 


then we can sum froomr=0Otor=2-+1 the sum 3, and the 


expression (3) for 2, without altering these sums in any way. We 
therefore obtain: 


n+1 
ee a 
p (n-+1) = r r—1 n+1—r Lr 
9 m0 (1) Le tae are cree 
~= 


But according to a well-known property of binomial coefficients 


Crh” + C,77) = Chay’ (O<rsnt+ bs; 


\ 


_and we therefore obtain : 
n+1 
(n+l) () = > Cary htt ke 
7=0 


0 Jay a 
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i.e. formula (2) remains valid when n is replaced by n+ 1; this 
proves the formula in its most general form. 


It also establishes existence of a derivative of order n for the 
function 9 (¢) if, as assumed, the function f(x, ») has differentiable 
partial derivatives inclusive up to that order. It therefore follows. 
that MacLaurin formula holds for ¢ (t) : 


p(t) = 9 (0) + #9" (0) + 4-91 (0)-ben 


tr-l 
(n—1) 


where the last term is written in Lagrange’s special form which is 
well-known to us from § 39; in particular for ¢ = 1 


jis ee (0) + 9 (n) (6t), 


— (1) = (0) + 90) + a p'"(0) +... 


ote Oe em) 


1 
(n= 1)1 
whereO< 9 <1. But 9 (0) = f(a, y),¢ (1) =f(% +h, y + k), and 
the successive derivatives of the function ? for ¢ = 0 are expressed by 


formula (2) where all partial derivatives are taken at the point (x,y). 
We therefore obtain: 


fethy +h = ee 2S 


ox 
fot — 
0 p20 7 ne 
Qhk eee Thn—l—r pr 
a Ox OY re Oy eye Ni Co h k oxt-1- Oy 
r=0 


n 
i rpacrpro T(x + Oh, y + Ok) 
T n! Los h k ox"-r oy > (4) 
T= 


where 0 < 9 < 1 and where all partial derivatives except those 
which enter the last sum (last term) on the right-hand side are taken 
at the point (x y) (and are therefore independent of h and k). 


The last formula completely solves our problem, for it gives 
an approximate expression for f(x + A,» +k) in the form of 
a polynomial of degree n — 1 with respect to A and k& and as 
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can be readily seen, the last term has the required form o(p*-4) 
(p= VA* + &*) so that|h| <e|k| <p and consequently 


ae — ote giot}) (O<r<n). 


The notation chosen for this formula is rather bulky (although 
the formula itself is clear and can be readily remembered in spite of 
its outward complexity). This bulkiness becomes even worse when 
we consider functions of three or more variables. Therefore Taylor’s 
formula is often written in symbolic form. Let us write the following 
expression for an arbitrary natural number g : 


(0% + ik aot 


If we raise the binomial in the brackets to the q-th degree in accor- 
dance with the binomial formula and assume that @ is a number (and 
not the symbol of differentiation), we obtain: 


q q 
T —T [TT . Oe oe, — T —? /- 0 af 
| Learners aatrp yt |F = oh rae 
r=0 r=0 


zi e. (with an accuracy to the factor 1/ q!) the g-th degree in Taylor’s 
formula. We can agree to write even more briefly 


(iS +k) fa Lal's 


thus L, becomes a certain definite operation to be performed over 
the function f which we have just described in full. By using this 
notation we can write ae formula in symbolic form as follows: 


jataran Be lige thay 2" f (9) + 


i 0 0 \" 
ars a b G v}9 
+ — (hs +k) flx + 6h, » + 68) 
or even more briefly 
n—1 
1 1 
fleth yth)= Joba +5) Lf (x+6h, y+ 6k). 
q=0 
For exercises to § 95 cf. Problem Book by B.P. Demidovich, 
Section VI, Nos. 390, 391, 396, 398, 400, 406, 407. 
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§ 96. Extrema 


The maxima and minima of a function of any number of vari- 
ables in a given region of these variables are defined in exactly the 
same way as for functions of one variable. Here the concept of a 
local extremum is of fundamental importance : by this we mean an 
interior point in the given region at which the value of the function 
is not less (or not greater) than at any other point sufficiently close 
to the given point. As in the case of a function of one variable, a 
function can have an extremum either on the boundary of the region 
or at an interior point which will, in this case, also be a point of a 
local extremum. It is clear that in the space of several] dimensions: 
the problem is complicated by the fact that even in the simplest cases 
all boundary points, of which there is an infinite number, enter into 
competition (in the one-dimensional space the boundary consisted. 
of only two points) ; we must therefore find the greatest or smallest. 
value of the function on the boundary of the given region, ie. we 
must solve an additional extremum problem. In practice some 
material considerations often make it possible to determine beforehand 
that the function attains, say, its maximum value inside.(and not on 
the boundary of) the region and this considerably simplifies the solu- 
tion of the problem. We must, nevertheless, use differential calculus 
in order to find the points of the local extremum. 


If the function u == f(x, y) has a local extremum at the point 
(a, 6), then it is clear that the function 


ad AGs b) 


of one variable « should have a local extremum at the point x = a. 
Let us assume that the function f(x, y) is differentiable everywhere 
in the given region; in that case the function 9(x)* evidently has a 
derivative equal to /’, (x, 6) in a neighbourhood of the point a. We 
know from § 41 that therefore 9’ (a) = 0, i.e. the partial derivative 
af/ax of the function f(x, y) should vanish at the point of a local 
extremum x = a,y = 6. Similarly, an analogous argument shows. 
that we should also have @//0» = 0 at that point: Finally it can 
be similarly shown that the result obtained rémains valid for functions. 
of any number of variables : if such a function is differentiable in a region, 
th n partial derivatives with respect to all the variables should be equal to 


zero at every point of a local extremum (which lies within the region). 
e | 
In this case a stationary point is a point at which. the partial 
derivatives with respect to all the variables vanish; formula (1) § 91 
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shows that the derivative of the given function in every direction 
is equal to zero at a stationary point; hence a stationary point is, 
as it were, a point of minimum changeability of the function during 
a displacement in any direction ; this justifies the use of this term. 


Hence in the space of several dimensions, finding of extrema 
requires at first the knowledge of all stationary points of the given 
function in the given region. If we have a function of n variables, 
then by equating the partial derivatives of this function with respect 
to all the variables to zero, we obtain a system of nm equations with 
nm unknowns and thus determine the coordinates of the stationary 
points. This problem can now be solved without further using 
differential calculus. 


Having found all stationary points we must, in the same way 
as in a one-dimensional case, investigate each point individually 
and determine whether it gives the maximum or minimum of 
the given function or neither. In the case of several dimensions 
this investigation is much more complicated and we shall here only 
give the first few steps for functions of two variables. 


Let P (a, 6) be a stationary point of the function u = f(x, ) 
and let this function have all partial derivatives of the second order 
at the point P. Let us also consider the point Q (a + h, 6 + k) and 
denote the distance between these two points by p so that 


caf? + kh? 
finally, let 4, B and C' denote corresponding partial derivatives 


o7f o7f af 
ox® > Qxdy’ Oy? 


at the point P. It follows from Taylor’s formula ((4) § 95) that we 
have for p — 0*) : 


Au=f (ath, b+k) —f (a, 6)=4(AR?+2Bhk + Ch?) +0(0"). 


— 
If we denote by « the angle made by the vector PQ (the ‘‘displace- 
ment” of the point P) and the positive direction of the O.X-axis, then 


evidently 


h=e¢cos¢, k=opsing, 


*» Terms of the first order with respect to A and & vanish, since the point 
P (a, 6) is a stationary point. 
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and consequently 
Au=f (ath, b+k)—f (a, b)= 
=4p2(A cos? a+2B cos « sin «+Csin® «)+o0(p*). 


Using this expression for the increment Au we can readily see 
that the nature of the given stationary point P(a, 6) depends on the 
behaviour of the quantity 


? (a) = Acos?a + 2B cos asin « + C'sin? « 


which is a function of the ‘‘angle of displacement” and varies from 
Oto 2x. Let, for example, p (a) > 0(0 <a < 27). Since the func- 
tion ? (a) is a continuous function of «, it assumes a smallest value 
in the interval (0, 2), which, according to our assumption, is posi- 
tive; it follows from the expression obtained for Au that we have 
foro > 0 


Au = p? do (a) + 0(1)}, 


and since » (x) > wu (0 <a < 2z), therefore for a sufficiently small 
P we have Au > O irrespective of «; but this implies that the func- 
tion u = f(x, y) has a minimum at the point (a, 6). We can similarly 
show that the function f (x, y) has a maximum at the point (a, 6) for 
eo (a) <0(0 <a <¢ 2r). Finally, if @ («) assumes both positive and 
negative values in the interval (0, 27), then let 9 (a) > 0 and 
© (a) <0. Assuming that Pp tends to zero while « remains constant, 
we shall evidently have Au > O for a small P when a = a, and 
Au< 0 when « =a. This shows that the function / (x, y) has 
neither a maximum nor a minimum at the point (a, 6). Hence the 
sign of the quantity (x) for O < « < 27m is, in fact, decisive in 
determining the character of the given stationary point. 


Hence the sign of such a “‘square trinomial’’, z.e. the sign of the 


“discriminant” A = AC — B?, is of decisive importance. We must 
therefore consider three cases. 


1 A=AC— B>0. We have identically 
Ao(a) = (Acosa + Bsin a)? + A sin? a, (1) 
Since in this case A + 0, the first term on the right-hand side 
vanishes only for cot « = — B/ A, and the second only for sin « = 0; 


since these two conditionsare incompatible, the angle « has no cotan- 
gent for sin « = Q), therefore Ao («) > 0 for every 2, If A> 0, 


DIFFERENTIATION OF FUNCTIONS 441 


then 9 (x) > 0 and the function u has a local minimum at the point 
P; in contrast if A <0, we have ? (a) <0 and P is a local maximum 
of the function u. Hence if A > 0, the point P always gives a local 
extremum whose nature is determined by the sign of 4. 


2. A = AC— B? <0. Let us at first assume that here also 
A #0. The relation (1) shows that (the first term on the right-hand 
side is positive and the second equal to zero) we have 4 9 (a) > 0 
for « = 0; on the other hand if 


cot * = — ; 


ns | by 


we have A ¢ (a) < 0 (the first term is equal to zero and the second 
term negative); hence ¢ («) has different signs for different values of 
a« and the function uw cannot have a local extremum at the point P. 


What result do we obtain for A = 0? In this case 
? (a) =2B cos «sin «+C sin? a=sin « (2B cos %+C'sin x), (2) 


where B + 0, for otherwise we should have A = 0. If @ is a suffi- 
ciently small positive angle, then evidently 


| C| sin a < 2|B] cos z, 


so that the sign of the brackzt (2B cos a + C sin «) coincides with 
the sign of the first term which changes as « is replaced by — a; 
and since sin « changes its sign during that change, the relation (2) 
shows that ‘¢ («) and 9{( —a) have opposite signs and the function u 
cannot have a local extremum at the point P. Hence if A < 0, 
there is no local extremum at the point P. 


3. A = AC — B*=0. In this case the analysis of terms of 
the second order in Taylor’s formula does not give final results. If 
the function uw has partial derivatives of the third order at the point 
P, other terms must be analysed in Taylor’s formula. However, we 
shall not consider these problems here. 


Example. ‘The function 
= x7 — xy + yp? — Qn + y 


has a single stationary point x = Il, y = 0 as can be seen by solving 
the system of equations 
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In this case 

| ASD Bsa. eo. 
and therefore A = AC — B* = 3. Since A > 0, therefore z has a 
single extremum, 7.¢. a minimum at the point (1, 0). 


For further exercises to § 96 cf. Problem Book by B.P. Demi- 
dovich, Section VI, Nos. 425, 429, 430, 435, 487, 488. 


CHAPTER XXIII 


SOME SIMPLE GEOMETRICAL APPLICATIONS 
OF DIFFERENTIAL CALCULUS 


§ 97. Equations of tangent and normal to a plane curve 


The geometrical ilustration of a derivative as the angular 
coefficient of the tangent to a given curve at a given point enables us 
to use the methods of differentials calculus in 
order to solve numerous geometrical problems. 
Let us assume that we want to draw the tan- 
gent toa curve which is the graph of the differ- 
entiable function y = f(x) at a point with 
abscissa a (fig. 55). We know from analytical 
geometry that the equation of a line which 
passes through a point with coordinates (a,b) 
can be written in the form: 


y—b=k (x —a), 


where A is the angular coefficient of the straight line. In our case 
6 = f(a), k =f’ (a); hence the equation of the tangent to the curve 
y =f (x) at the point with abscissa a has the form: 


Jy —S (a) =f" (a) (* — @). 


A straight line perpendicular to the tangent at the point of 
contact is known as normai to the given curve at the given point; 
since the angular coefficients & and k’ of two mutually perpendicular 
lines are connected by the relation kk’ =: — 1, the angular coefficient 
of normai to the curve y = f(x) at the point with abscissa a is equal 
to — 1//’ (a) (provided f’(a) #4 0). Hence the equation to this 
normal can be written in the form 


J 
J — f (a) = Fay (ee a); 
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or 
x—atfi(a)ly —f(a)]= 9. 


It is well-known from analytical geometry that it is often more 
convenient to express the curve in ‘‘parametric’’ form, 7.e. by means 
of the following two equations: 


x=o(t), y= (t), 


where each value of the “parameter” ¢ in an interval corresponds to 
a definite point (x, y) on the given curve. We know that the angular 
coefficient of the tangent to the curve at this point is equal to 


we also know ( § 33) that this expression of the derivative in terms 
of differentials remains valid when x (and therefore also y) become 
functions of a new arbitrary variable ¢ as they do in this case. Taking 
t for the new independent variakle we have: 


dy 


but dx | dt = 9’ (t), dy | dt = ’ (t) and therefore 


»_ & (t) , 
P" (t) 


if we want to write the equation of the tangent to the given curve at 
a point which corresponds to a value ¢ of the parameter, we must 
take into consideration the fact that the coordinates of this point are 
equal tox = (¢), y=y (t) and the angular coefficient of the tangent 
is equal to y’ = ' (t) / 9’ (t); hence the equation of the tangent is as 
follows: 

(t) 


per aacseys 


t 
p(t) 


or 


x—?(t)  y—-v (it) 
PED. UE 2 (1) 


which owing to its symmetry is very convenient ; since the angular 
coefficient of the normal is in this case equal to 
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i} _ # (t) 


yo b’ (t)? 


therefore the equation of the normal is as follows : 


gy = Stans lx — o ()], 


or 
e()i*e¥-e (+4 (ly -¥ M1] =0. (2) 
Ifthe curve is given in terms of polar coordinates 
r= f (8) 


and we wish to write the equation of the tangent at the point with 
coordinates 9, 77 = f (8), we can solve this problem in the same 
way as the previous one remembering that cartesian and polar coor- 
dinates are connected by the relation. 


x=rcos#, y=rsin@ 
and for points on the given curve it takes the form 
x =f (9) cos 6, y = (6) sin 8. (3) 


Equation (3) represents the given curve in parametric form, where 
the polar angle @ is a parameter ; we have : 

d d ae 

put cos 9 — f(6) sin 6, a = f'(6) sin 6 +f (6) cos @. 

According to (1) the equation of the tangent at the point 
6 = 4 can be written in cartesian coordinates in the following form: 


I— F (Oo) sin % x — f (9) cos A 


F’(@0) sin 69 + f (Gp) COs A ~ f” (80) COS M) — f (9%) sin Oo ° 


and in polar coordinates in the form 


rsin @ — f(@o) sin 66 = r cos § — f (99) cos Bo - 
tT’ (60) sin 65 +H (69) cos 69 f’ (89) CoS 69 —f (Oo) sind, ”* 


or, assuming that f(€5) = ro, f’ (@0) = 7» in the form 


rsin §@ — 79 Sin Oy _ 7 cos @ — To COS Bg 
° *\. — oe) i . a) 
r’, SIN 69 +17 COS Ao ry COS Oy — 7p SiN By 


For exercises to.§ 97 cf. Problem Book by B.P. Demidovich,,. 
Section II, Nos. 119—121, 124, 126, 141, 142. 
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§ 98. Tangential line and normal plane to a curve in space 


The geometrical definition of a tangent to a curve in space 
does not differ from its definition relating to plane curves. If we 
wish to draw a tangent to the given curve at a given point M, we 
take another point V on the curve close to M and draw a straight 
line (chord) through these two points ; if, when the point NV comes 
indefinitely close to the point M, the drawn chord tends to a definite 
limiting position, then this limiting straight line is a tangent to the 
given curve at the point M. Assuming that the curve in space is 
given by parametric equations of the form 


x=o(t) y=u(t), z=7 (4), 


we must try to find the equation of the tangent to this curve at a 
point corresponding to the given value of ¢,of the parameter ¢ (2.e. 
at a point with coordinates x9 = ? (to), 759 = V (to), Zo = ¥ (to) ). 
Let the parameter ¢ receive an increment A? and let us go from the 
given point to the point 


xt Ax=P(fot Al), rot AV=Y¥ (fot Al), S++ AZ=Z (t+ Al). 


The straight line (chord) which connects the two points (the 
given and the displaced point) can, in accordance with the laws of 
analytical geometry, be expressed by the following equations : 


fe I 
Ax A? Az? 


or by an equivalent system 


Ax Ao Be (1) 


If we assume that AZ tends to zero and the functions ¢ (2), 
(t) and x(t) have nonzero derivatives at t = ¢), which we shall 
respectively denote by «9, "9, Zo, then the system of equations (1) 
for the drawn chord has the following form in the limit : 


re a ee) fo Sy eg (2) 


2‘ (to) ~ (to) % (ta) (3) 
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The system of equations (2) or (3) is analogous to equation (1) 
§ 97 and evidently provides the analytical expression for the tangent 
to a curve in space. 


Denoting by «, @ and Y the angles made by the tangent to the 
given curve at the point (x9, yo, Z,) with the positive direction of the 
axes of coordinates, we have in accordance with the laws of analytical 
geometry : 


Wy 19 37,5 cosp ay Vey ‘ 72,3 \? 
Ve (to) +4 2 (fo) +7? (to) Ve"? (fo) + Y'*(to) +774) 


en 5 
VP tg) +b (to) +7%/%( to) 


Q (to) é yp (to) 


cos ¢ = 


cos Y = 


(to) 


In particular, if the given curve is expressed by the following equa- 
tions : 


J = y(x), i= z (x), (4) 


the equations of the tangent at the point (x9, »9, Z,) have the form: 


PA & —~ &o 
nn ie ay | os 
: yp" (Xo) zg (xo) 


and we have: 


COs “ = Sees Seats eee COs 6 = va (x 0) — 
TA VF 9"? (x9) +27? (0) V 1+ y'8(x 9) +22 (x9) 
z (xq) 
cos Y= ee 
a/ 1+ y"? (x9) +2’? (Xp) 


In all cases the choice of the sign in front of the radical depends on 
the choice of one or other direction of the tangent. 


A plane drawn through a point of a curve in space perpendi- 
cularly to the tangent at that point is known as the normal plane to 
.the given curve at the given point. Normal planes are very impor- 
tant in the theory of curves in space and play a similar role as normal 
lines (i.e. ordinary normals) in relation to plane curves. In accord- 
ance with the general laws of analytical geometry we can, by 
knowing the equations of the tangent in the forms (2) or (3), write 
directly the equation of a normal plane to the same curve at the 
same point in the following form : 


x’ (x — x9) +3 oly — yo) + Zl — Zo) = 9, 
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or 
@' (te) [x — P(t) +Y' (to) 9-4 (to) +2’ (to [2@—% (40) ]=0. 
We can see that these equations are analogous to the equation 


(2) § 97 of a normal to a plane curve. 


If the curve is expressed by equations of the form (4), the 
equation of the normal plane at the point (%9, %, %) has the form: 


x—Xy ty" (xo) (9 —Y0) +2’ (%0)(Z—Z) =. 


For exercises to § 98 cf. Problem Book by B. P. Demidovich,,. 
Section VI, Nos. 341, 342, 344, 346. 


§ 99, Tangential and normal planes to a surface 


Let us consider a surface in space which is expressed by the 
‘following equation : 


F(x, y, z)=0 (1): 


and choose an arbitrary point M with coordinates x), 99, 2, On it so- 
that F(x 9, Yo, 29) == 0. Let us draw an arbitrary curve on the surface: 
(1) which passes through the point M; let this curve have the follow- 
ing parametric equations: 


=9(t), y=v(t), z= x(t). (2): 


Since the curve (2) lies wholly on the surface (1), we must have: 
identically (z.e. for every arbitrary value of the parameter ¢ in some: 
region) 


Fle (4), $(4), x(@)] = 0. (3) 


On the other hand, since the curve passes through the point M(x, ¥9, 2);. 
therefore for a given value f) of the parameter ¢ we have: 


Xo = (to), JO: > (Eo); £0 = 7, (to) 

In order to draw further conclusions we must now assume that 
the function F(x, y, z) is differentiable at the point M (x9, yo, Zo)- 
In chapter 22 we have agreed to call the function wu =f (x,y, z): 
differentiable at the point (x, y, z) if, assuming that 


Ausf(xt+Ax, y+ ay, 2+ AZ) PT Dy) 


du = oF xt Lo yt lag 


p= VAP + AP TAZ, 
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we have for p > 0: 
A u = du + o(p). 


The law for differentiating composite functions holds for differentiable 
functions (§ 92) : if the function u = f(x, y, z) is differentiable and 
x,y, Z, are also differentiable functions of a new variable é, then 


du ou dx Ou dy ou dz 


dt dxdt * aydt * ag de 4) 

We have already agreed to assume in our case that the function 

F (x, y, Z) is differentiable at the point (9, yo, Zo) which corresponds 

to the value ¢) of the parameter t. If we express x, y, Z in terms of ¢ 

by means of the relation (2), then F(x, », z) becomes a function of 

the parameter ¢ and, according to (3), it is a constant. Hence 
dF / dt = O and it follows from formula (4) that 


aF dx, OF dy , OF de _ : 
Ox dt oy dt oe (5) 


Having made this remark we can now write the equation of the 
tangent to the curve (2) at the point M (x9, 79, Zo) to correspond to 
the value fy of the parameter é. According to formula (2) § 98 these 
equations can be written in the form 


Hence for every point (x,y, zZ) on our tangent these three relations 
have the same value which we shall conveniently denote by 1/A 
(where A is clearly different for different points on the tangent). 
But in that case 


x'9 = Ae — Xo), DO=AY — Yo). Zo=A(Z — Zo): (6) 


On the other hand, the identity (5) gives us for ¢ = f9, if we denote 
respectively by A, B and C the values oF / dx, oF / of and cE / @z at 
the point M(x 0, Yo, Zo): 


Ax’ + By’ + Oar = Q. 


Substituting in this relation x’o, yy and Zo by their cxpressions 
from (6) and cancelling A we obtain: 


A(x — x9) + Bly — 30) + Cle — 20) = 0. (7) 
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Let us note that in this case x, y, z are coordinates of any 
point on the tangent to the curve (2) at the point M and 4, B and C 
are values of the partial derivatives of the function F at the point M. 
If we regard x, y, z in the equation (7) as current coordinates, then 
the latter equation represents a plane which passes through the point 
M;; it depends on the form of the surface (1) but is quite indepen- 
dent of the curve (2) drawn on this surface. The fact that the coordi- 
nates of every point on the tangent to the curve (2) are connected 
by the equation (7) show, that this tangent lies wholly in the plane 
(7). But the curve (2) isan arbitrary curve drawn on the surface (1) 
through the point 44. We can draw an infinite number of such 
curves; we thus see that the tangents to all those curves lie in the 
same plane (7); this plane which is a sort of “‘carrier”’ (a geometrical 
set of points} of tangents to arbitrary curves drawn on the surface (1) 
through the point M is known as the tangential plane to the given 
surface at the point M@. The equation (7) of tangential plane can be 
written in a more expressive form if instead of the neutral notation 
A, B, C for the partial derivatives of the function F at the point M 
we write respectively 


°F oF oF 
ex g ay? ? nar 


where the index O shows that all three derivatives are taken at the 
point * = <o, 7 = No, Z = Zqe The equation of the tangential plane 
thus becomes: 

oF of aa 

eo Rt ges a (eS ee ae ea) SE 

Ox g ( 0) 079 (7 — Vs az <0 

The straight line drawn through the point M perpendicular 

to the tangential plane is said to be normal to the surface at the point 
M. According to the laws of analytical geometry the equations of 
this straight line (when none of the three partial derivatives 
vanishes) can be written in the following form: 


XT Xo P70 emia 
CE ~~ Ak ~~" ef 
aX 9 Co CZy 


In particular, if the surface is expressed by the equation : 


z= f(x, 9); (8) 
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we have F (x, y, Z) = z — f(x, y) and the equation of the tangential 
plane becomes 


cacao e -2d +7 OV — Ios 


and the equation of the normal becomes 


eee 0 a a DO 
q x0 of af 
aX 0) 


If we denote respectively by a, 8 and Y the angles between the 
normal to the surface (8) at the point (x9, _)9, Zo) and the positive 
direction of the axes of coordinates, then, as we know from analytical 
geometry, we have 


uo 
cos 4% = ry - : 
taf i+ (SY) 
af 
cosB = —--- 20 


ef Q) Sy co 
™ gery cers (2) 


The choice of the sign in front of the radical depends on our choice 
of direction for the normal under consideration; it is self-evident 
that this sign must be the same in all three formulae. 


For exercises to $99 ap Problem Book by B.P. Demidovich, 
Section VI, Nos. 351, 352, 360-362. 


§ 100. Direction of convexity and concavity of a curve 


We shall now return to the theory of plane curves and deal 
with another problem, viz. the direction of convexity and concavity. 
ofacurve. Let us assume that the function y = f(x) has derivatives 
of first two orders at x = a. The equation of the tangent at the 


point a to the curve y = f(x) has the form 


y=f@ +f (a) — 4). 
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At the point a + h, close to a, the ordinate of the tangent wil 
therefore be 


Jtan= f(a) + hf" (a), 
whereas the ordinate of the curve at that point is equal to 


Jeurte— J (a 5 h); 


in order to find out which of these lines lies above the other in the 
immediate neighbourhood of the point a we construct the difference 


Yeurve— Jtan= F (a a h) — f(a) nha hf’ (2), 


‘and since, according to our assumption, f” (a) exists, it follows from 
Taylor’s formula that we can represent the right-hand side of this 
equation in the form 


h* .» 
5 f(a) + 0(H8), 
and we obtain: 
h wu" 
Jeurve Jtan = et (a) + 0 (h?). 


Let us assume that f” (2) 4 0; in that case the second term on the 
right-hand side is infinitely small as compared to the first term for 
h—0; the sign of the right-hand side (and therefore also of the 
left-hand side) coincides with the sign of the first term when |A| is 
infinitely small, 7.¢. with the sign off” (a). If f"(a) >0, then 
Yeurve> Jian at all points sufficiently close to a, i.e. the curve lies. 
above its tangent (fig. 56, a); the position of the two is reversed for 


f" (a) <0 (fig. 56, 6). 


In ;the first case it is said that the curve y = f(x) has a con- 
vexity from below at the point a (in the direction of negative ») or 
a concavity from above (in the direction of positive y); in the second 
case the position is reversed — the curve is convex from above and 
concave frorn below at the point a. The use of this terminology is 
yet Ones apparent by looking at figs. 56 a and 6. We thus see that 
the sign of the second derivative determines the direction of 
convexity and concavity of a curve in the same way as the sign of 
the first derivative tells us whether the function increases or 
decreases. 
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Conversely, we know that the curve y = f(x) is convex 
from below in the neighbourhood of the point -a (i.e. it lies above 
its tangent). If f”(a) exists, then it, 
follows from above that it cannot 
be negative, for in that case the rela- 
tive positions of the tangent and curve 
would be reversed. Therefore f” (a)>20. 
‘The case when f” (a) = 0 is quite possible 
as can be seen on the example of the curve 
y=x*t at x=0; similar arguments 
clearly show that when curve is convex 
from above at the point a, we should have 
Jf” (a) <Oand here again the value f” (a) 
=0 is possible. Finally, in the neighbour- 
hood of the point a the curve may lie 
above its tangent to one side of a and 
below it to the other side of a; this is the 
position with the function y = x? in the 
neighbourhood of the point « = 0, which 
we have already considered on several 
occasions (fig. 21 §40); the curve intersects 
its tangent at such a point and changes Fig. 56. 
the direction of its convexity in the process. 

Points of this type are usually known as inflextons of the given 
curve. It is evident that the derivative of second order f" (a), 
in case it exists, should be equal to zero at a point of inflexion. 


Hence if f” (a2) = 0, we cannot draw any conclusions as to 
the direction of convexity of the curve in the neighbourhood of the 
point a; we may in this case have a convexity from above, a 
convexity from below or a point of inflexion; even more complicated 
cases are possible. For further analysis it is necessary to investigate 
successive terms in Taylor’s series in the same way as we have done 
while finding extrema of functions (§41). However, we shall not 
go into further details here. 


For exercises to § 100 ¢ f. Problem Book by B. P. Demidovich, 
Section II, Nos. 348, 349, 352-354, 362. 


§ 101. Curvature of « plane curve 


It is obvious that different curves can have different curvatures 
an different intervals. The curve shown in fig. 57 has an almost recti- 
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linear left side and there its curvature is naught. A circle has the 
same degree of curvature throughout. Ifwe imagine several circles. 
of different radii having a common tangent at a point (fig. 58), then 
we can sec clearly that the degree of curvature is greater, the 
smaller the radius of the circle is. A large curvature of a path (bend) 
can be experienced without seeing it (without looking out of the 
window) while travelling by car or rail. The importance cf this type 
of curvature prompts us to evaluate it scientifically; we must learn 
to compare not only the qualitative curvatures of various curves (one 
curve has, say, a greater curvature than the other) but we must learn 


to give it a quantitative evaluation, 7.e. we must learn to measure the 
degree of curvature of curves. In the science of road construction 
(any kind of road or rail) this exact approach is essential and this 
problem is also important in physics and thermodynamics; we cannot 
merely say that one body is hotter or cooler than another body, but 
we must Icarn to express quantitatively the heat of various bodies 
(t.e. their temperature). 


In our visual representation the degree of curvature of a curve 
is closely related to the rate at which it changes its direction. Thus. 
the curve shown in fig. 57 hardly changes its direction in the interval 
(a, b) — the tangents at different points (and in particular at points with 
abscissae a and 8) are almost parallel to one another; therefore this. 
curve appears to have a small curvature in the interval (a, 6); in 
contrast, this curve appears to have a large curvature in the interval 
(6, c), for its direction changes considerably in that interval; thus. 
the tangents drawn at the ends of this interval have very different 
directions. Itis therefore clear that in order to measure the degree 
of curvature of a curve in an interval quantitatively we must take for 
the basic value the angle by which the tangent to the given curve 
rotates in passing through this interval, 7.e. the angle between the 
tangents at the beginning and end of the given interval. However, 
if only one angle is given, we cannot determine the degree of curva- 
ture of the curve in the given interval. In faci, if you are told that, 
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say, the railway line has a bend of 30° at a certain spot, this will tell- 
nothing about the curvature of this path. You will undoubtedly ask 
how long this section is in which this bend takes place. If, for 
example, the path has turned by 30° over a distance of 2 km, then 
the curvature is very insignificant; if, however, the path has bent to 
the same extent over a distance af I00 m, then this curvature is 
large. Thus in order to evaluate the degree of curvature of the path 
in a given interval it is necessary to know not only the angle 9 which 
measures the change in direction of thc curve in the given interval 
but also the length s of this interval. In this case the natural mea- 
sure of the degree of curvature of the curve in the given interval will 
evidently be given by the ratio 9 / 5, i.e. by the change in direction per 
unit length of path. This quantity is known as average curvature of the 
curve in the given interval. The meaning of this term is self-evident: 
it is obvious that a curve can have different curvatures in different 
parts of a given interval and the concept of average curvature does 
not take all these- differences into account; it merely shows the 
average change in direction of the curve per unit length of its path. 


If now we want to consider not the average but local character- 
istic of the degree of curvature in the immediate neighbourhood of 
a certain point A on the curve, we must again use the same argu- 
ments as in § 26 when we were considering the instantaneous (local) 
velocity of motion at a given instant on the basis of the average 
velocity of a body in a given time interval. Let us take another 
point B on our curve apart from the point .4; let the length of the 
arc AB of the given curve be equal to s and the angle between the 
tangents to the curve at the points A and B be equal to ¢ so that the 
average curvature of the arc AB is equal to /s. If the point B lies 
close to A (i.e. if 5 is small), we have reason to believe that the degree 
of curvature of the curve will not change too much in transition from 
A to B and that therefore the average curvature 9 / s of the arc AB 
will still give us a sufficiently accurate description of the degree of 
curvature of the curve in the immediate neighbourhood of the point 
A; this characteristic will be the more accurate the smaller s is, 2.¢. 
the smaller the distance from the point B to the point Ais. There- 
fore if, as B — A (or, which is the same, as s > 0) the average cur- 
vature ? / 5 tends to a limit AK, then we can naturally regard this 
limit as the (local) curvature of our curve at the point A (or in the imme- 
diate neighbourhood of the point A). 


Hence curvature of the given curve at the given point A is expressed by 
the limit of the ratio of the angle between the tangents of the curve at the points 
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‘A and B to the length of the arc AB provided the point B lies on the given 
curve and approaches indefinitely close to the point A. 


Having established the geometrical meaning of the concept of 
(local) curvature we will now show how the methods of differential 
calculus enable us to evaluate the curvature of a given curve at any 
point. Let the function» = f(x) which is represented graphically 
by the given curve have derivatives of the first two orders at the 
point x. Let us consider a point B (x + Ax, y» + Ay) on the given 


Fig. 59. Fig. 60. 


curve other than the point A (x, y) (fig. 59). If we denote the angles 
made by the tangents to the curve at these two points and the posi- 
tive direction of the OX-axis by « and 8 respectively, then evidently 


tana = f’ (x), tanB =f’ (x + Ax). 


The angle p between these two tangents is equal to ? =|« — 6] = 
| arctan f’ (x + Ax) — arctan f’ (x)], as can‘be seen from fig. 60. 
On the other hand, if we denote the length of the arc of the given 
curve in the interval (a, x) by s (x), where a is a constant, then the 
length s of the section AB of the given curve is equal to 


s=s(x+ Ax) —s (x). 


We thus obtain the following expression for the average curvature of 
the arc AB of the given curve : 


@ _\|arctan f' (x + A x) — arctan f’ (x) | 
s s(x+ Ax) —5 (x) 


or, dividing the numerator and the denominator by Ax 


Inrevan f’ (x + A x) — arctan f’ (x)] 
Oi Ax 
so s(x + A x) — 5 (x) 

A x 
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If we now assume that A x tends to zero, then it follows from our 
assumption of existence of »y” = f” (x) that the numerator will tend to 


darctan y') —[y"| 

dx | 1+ y'*? 
whereas, according to § 52, the denominator will have a positive 
limit 


GS, > ete 
Pe ae de 


We thus obtain the following expression for the curvature of the given 
curve at the point 4 (x, y): 


> (1) 


and our problem is solved. 


If the curve is given by a parametric equation 


x=o(), y=y (A), 


then 
»_ my _ V(t) 
ya ol (O° 
a or | 
28 es Oe eine 
dx Ee (t) J dx 7 [?" (z)]° 
dt 


and after elementary calculations we obtain from formula (1) : 
- f t u t hae , t pp” ‘t 
ca OYO-¥ OF Ol, 2 
Le see 


A straight line is expressed by a linear equation y = mx +17; 
therefore y” = O at every point and it follows from (1) that K = 0; 
hence the curvature of a straight line 1s equal to zero. In the case of a 
circle of radius 7 it is more convenient to use the parametric formula 


x=~yrcost, y=rsint; 


after elementary calculations we obtain from formula (2) K = I/r: 
hence the curvature of a circle 1s the same at every point and is equal to the 
xeciprocal value of its radius. 
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§ 102. Tangential circle 


Let the cirve » = f (x) have a nonzero curvature K at the point 
A (x, ») (y" #0). Let us draw a normal to the curve at the point 4 
(fig. 61) and mark on it an interval AC of length 1/# in the direction 
of the concavity of the curve. Ifwe now draw a circle with centre 
at C’ and radius r = 1/K, then this circle will pass through the point. 
A and have a common tangent with the curve at that point ; since 
the radius C’'A lies on the normal to the curve ; moreover, the con- 
vexities of the curve y = f (x) and of our curve are in the same direc- 
tion at that point ; also the curvature of these curves at the point A 
is the same, since the curvature of our circle is equal to 1/r= K. We 
can therefore say that among all circleswhich can be drawn through 
the point A our circle comes closest of all to the direction of the circle 
at the point A having a common direction with it (tangent) and the 
same curvature ; its convexity is also directed to the same. 


This circle is known as the circle of curvature of the given curve 
at the point A. Its radius 


is known as the radius of curvature and its centre as the centre of curva- 
ture of the curve y = f (x) at the point A. In the same way asa 
tangent can be used instead of a 
curve in all instances where only 
the direction of the curve is invol- 
““3) ved, so the circle of curvature can 
j~ replace the given curve in all prob- 
lems where apart from the direction 
a of the curve its curvature and direc- 
ee a i ee tion of convexity are also involved. 
| x This is the main part played by the 
Fig. 61, circle of curvature in many geome- 
trical investigations which involve 
the given curve. It thus becomes obvious why the circle of curvature 
is called a tangential (or, as it is often said, a contiguous) circle to the 
given curve at the point A. 


VA 


Let us now find an analytical expression for the coordinates 
(a, b) of the centre of curvature. In the case shown in fig. 61 | "|= 
y > 0,7 >O*% > ay<b. The differences x —a and b—y 
are the projections of the interval rin the directions OX and OY res- 
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pectively. Therefore if we denote the angle between the tangent at. 
the point A and the positive direction of the OX-axis by ? (so that 
tan 9 = 9’), then 


5 
19\% vr 19 
pit epee EY ), se 2 Da eh a) 
a Vi + d 
"9 i L 12 
b —= et Soe a a — 
,; yo 7 VY ty? J 
hence 
’ P) 19 
pat DAE ap AO 


It can be readily shown that these formulae remain valid if the 
course of the curve y = f (x) in the neighbourhood of the point A is 
different. 


The concept of a tangential circle can also be approached from 
another point of view which shows even more clearly its analogy with 
a tangent. We have defined a tangent as the limiting position of the 
chord joining the given point A (x, y) and another point B (x + Ax, 
y + A y) on the same curve when A x (and therefore also Ay) tends 
to zero. If, however, we want to draw through these two points not 
a straight line but a circle, we encounter difficulties since an infinite 
number of such circles can be drawn : we know that in order to define 
a circle uniquely we must be given not two but three points (not 
lying on the same straight line) through which the circle is to be 
drawn. Therefore, apart from the point A we shall take two more 
points B, and B, on our curve with abscissae x, and x,. Theequation 
of the circle drawn through the points A, 6, and B, can be written 


in the form 
(x — a)? + (y — 3)? = ’, 


where the radius 2 and the coordinates « and 8 of the centre of the 
circle are determined from the condition that the circle given by this 
equation must pass through the points A, B, and B;. If we assume 


that 
(x — a)? + (fF (x) — BP — pt = F (a), 
then this condition can evidently be written in the form 
F(x) = 0, FH) =0, F(x) = 0. (1) 
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These three equations enable us to determine the unknowns «, 8 and 
e. However, we shall use another method. Let us assume that 
x <x; <x. It then follows from (1) that we can apply Rolle’s 
theorem to each of the intervals (x, x.) and (x1, x,). ‘This gives us : 


F'(&,) = FY (2) = 0; 


‘where x < & < x, < & < x,; therefore, applying Rolle’s theorem 
to the function F’’ (x) in the interval (,, &) we obtain: 


F” (&) = 0, 
where & lies between £, and &p. 


Let us now assume that the points B; and B, approach indefi- 
nitely close to the point A along the given curve, 7.e. we assume that 
xy —> x and x,» —> x; it is then evident that the points &,, € and & will 
tend to x. Our circle drawn through the points A, B, and B, will in 
this process continuously change its radius and its direction; for every 
position of the points B, and B, we can find from the equation (1) 
the elements «, 8 and p for this circle; we could perform these cal- 
culations and find the limits to which «, 8 and pe tend as x, > x and 


x,-> x. However, it is simpler to act otherwise. Since we have for 
the arbitrary x, and x, 


F(x) = 0, F’ (&,) = 0, F" (6) = 0 


and since & —> x as &, > x, therefore we should have for a limiting 
circle *) 


F (x) = F’ (x) = F” (x) = 0, 


ie. denoting the elements of the limiting circle by a, 5 and 7 and 
assuming that f(x) = 9 


F (x) = (x —a)? + (y— bP — 1 =0, 
F(x) = 2 (x — a) $2(y— d) 9 =0, 
F’ (x) = 2 + 2y’? + 2(» — 8) y" = 0. 
The last of these equations gives us directly: 


'2 
by = 5? 9 


*) In this case we assume continuity of F’’(x) at the point x; ; for this to be 
iS that f’’(x) should be continuous at that point. 
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after which we obtain from the last but one equation : 


a-x>=— 


finally after substituting in the first of the above equations the values. 
of b — y and a — x we obtain : 


3 
GLU i 
Ly"| 
The formulae obtained above show that the required limiting 


circle does, in fact, coincide with the circle of curvature of the given. 
curve at the point A. 


7 => 


Thus the circle of curvature (or the tangential circle) of the given curve 
at the point A is the limiting position of the circle which passes through the 
point A and through two other points which lie infinitely close to the given 
point on the given curve. 


For exercises to §§ 101—102 ¢f. Problem Book by B.P. Demido- 
vich, Section II, Nos. 566, 567, 571, 572, 575, 576, 577. 


CHAPTER XXIV 
IMPLICIT FUNCTIONS 


§ 163. The simplest problem 


We have already met implicit functions in § 92 and we shall 
now consider the problem solved there. We worked on the assump- 
tion that y = f(x) identically satisfies the following equation in an 
interval (a, 5) 


F (x, y) = 0, (1) 
ue. we had 


Eff y= 0 (a<x<b). 


Having assumed that the function f (x) is differentiable in the inter- 
val (a, b) we tried to express its derivative in terms of the partial deri- 
vatives of the function / with respect to . and y and found the follow- 
ing expression for this derivative : 


oF 
y=fi() = — 


However, in concrete cases the problem is usually somewhat 
different. Only the function F (x, y) is given ; as for as the function 
y = f (x) which satisfies the equation (I) in an interval is concerned, 
neither its continuity and differentiability nor even its existence is 
assumed beforehand ; on the contrary the determination of the con- 
ditions for existencc of such a function and study of its properties is 
the main purpose of our problem. Among the numerous methods 
used for the determination of new non-elementary functions this 
“implicit” description of functions by equations plays a very im- 
portant part. ‘The set of laws which characterise this method of 
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‘describing functions comprises the theory of implicit functions whose 
elements we shall study in this chapter. 


The above problem can be stated ina much wider sense. In 
stead of the function F (x, y) of two variables we may be given a 


function F (x, y, Z, ..., u, v) of any number of variables and we may 
have to determine from the equation 


F (x, J) 2; ...) Uv) =O 


-any one of these variables, for example v, as a function of the remain- 
ing variables x, y, Z, ---, #3; this means that existence of a function o. 
the variables x, y, Z, ..., u, is required, 7.¢. 

v= f (XI, Zs vey U), 


‘which would identically satisfy the equation 


F [X,.0, Zp veey Uy fF (My Hy Zy very W)] = O, 
in some region of values of these variables; we are also interested in 


the properties of this function in case it exists. 


The general theory ci implicit functions can deal with an 
even wider problem when not one but several detcrmining equations 
are given: 


FF, | 
Fy (1, NO +89 Xn) = 0, s (2) 


whose left-hand sides depend on n variables, where n>m. We 
wish to “‘solve’’ this system of equations with respect to some m out 
of x; variables, for example, with respect to xj, %2,---, %m. This implies 
as follows: we must establish the conditions under which m functions 
Ni1 = fi (Xm+445 Xm+25 eeey Xn ie 
x9 ae er (nats NM+29 e909 Xn )s 


Lm = Stim (Xm Nmt2s +9 “n ); 


cof the variables xm41) Xmt2) «+» Xn exist which identically satisfy the 
system of equations (2) in some region of values of these varialles 
50 that for every Xm+1s Nint2s cory Xn UL this region 


iy Lit (Xmtp 7 Sens ces (Xt sees Xn), Mint hy Smtr very Ral =0 
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(k = 1, 2,..., m); if these functions f, exist, we must study their 
properties (continuity, differentiability, etc). 


In future we shall understand by the simplest problem a problem. 
where only one determining equation is given (regardless of the 
number of variables) and by the general problem —a problem where 
several determining equations are given. In this paragraph we 
shall only study the simplest problem. We shall see thatthe method. 
of investigation does not depend on the number of variables;. 
therefore in order to prevent.our notation from becoming too 
complicated we shall consider the simplest case involving two: 
variables, although all arguments used will remain valid for any 
number of variables. 


"Thus we shall assume that we are given the equation 


and try to find the function y = f(x) which identically satisfies this 
equation in very region of values of x. It is clear at once that. 
existence of this function as well 
as its properties depend on the: 
properties of the given function 
F(x, y). ‘The more assumptions. 
we make with regard to the 
function F, the more definite 
statements we can make with 
regard to the function f(x). 
Hence our problem can have 
Fig. 62 several variations ; here we shall 
only consider one variation, i.e. 
a variation which crops up most often in applications of the theory of 
implicit functions. 


Theorem 1. Let the function F(x, y) be continuous and have conti- 
nuous partial derivatives with respect to both variables in a rectangle 
R(% ~a Qe oxo t 4,79 — by Spq t+ 6). 


Let. F (x9, ¥9) = 9, F'y (xo) Vo) & 0. 


Then there exists a unique function y = f(x) which is continuous and satisfies 
the equation (3) in some interval A (x9 — &Xx<xqg + %)5 it ts equal 
to yo for x= Xo. This function has a continuous derivative in the 
anterval A. 
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Proof. 1°. Definition of the function f (x). 


Let us assume that F’’y (x9, 99) >0. According to the lemma 
§ 23 (which holds for all continuous functions irrespective of the 
number of variables) we should have F’y (x, y)>>0 also for all points 
of a rectangle R’ (xy — «< x<xgq + &, vo — BX I< yo + B) (fig. 
62). It is important to remember that the numbers « and 8 can be 
arbitrarily small; hence we are already in a position to assume that 
R’ lies entirely within R. We therefore have: 


F', (xe y)>0 (yo — BR So + 8B), 


which shows that F (x9, _y) is an increasing function of» in the inter- 
val (yo — 8,79 + B); and since F(x 9, yo) ==0, therefore 


yi (Xo. V0 > B) <0, F (xo, Vo aE p)>0. (4) 


According to the lemma $23 these inequalities remain valid when 
we replace x, by an arbitrary number x which is sufficiently close 
to x 9; and since we have agreed above that « can be arbitrarily 
small, we have every justification to assume that the inequalities 


F(x, x9 —8)<0, F(x, 79 + P)>0 (3) 
are satisfied at every point x in the interval A (x9 — %, x9 + %). 
Let us choose and temporarily fix an arbitrary point x in this 
interval and assume that 


F(x, y) = 9 (9) (yo — PRIS + B)s 


we have: 


2 (y) = Fyley)>0 (vo — PSS 70 FB), 


and since the function 9(¥) increases in the interval (9—, ¥9+8) 
and since it also follows from (5) that 9 (y9—8) <0 and 9 (79+) >9, 
therefore a point y* can be found between yy — B and yo + 8 for 
which ¢ (7*) = 0 or, which is the same 


F(x, 9*) = 0. 


The number y* which is uniquely defined in the way described for 
every x in the interval A is a function of x in that interval and we 
shall denote it by f(x). We have thus proved that for every x in the 
interval A only one value of y exists which ts confined between yy — B and 
yo + Band satisfies the equation (3). We have denoted this value by 
fix). We have f(x) = 7, since the value y = 79 satisfies both the 
necessary conditions for x = x9. 
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2°. Continuity of the function f(x) 


We will now show that the function f(x) which we defined 
above in the interval A is continuous in that interval. Let x, be 
an arbitrary point in the interval A and let ¢>0 be as small as we 
please. Let us assume that f(x1) = y, so that yg — B<y)<yotB. 
Since the point («4,7 ) belongs to the rectangle R’, another rectangle 
R" (x, — A Sex, + AS91 — HSS), +H) can be found with. 
centre at (4,91), which lies entirely within R’; evidently we also 
have the justification to assume thatu<e. We have F’, (x, »)>0 at 
every point of the rectangle R’; also F’, (x1, y)>0 for |y — 941|<p, 
i.e. F’(x,y) is an increasing function of y in the interval (y1—p, 
y1 +p); and since F (x1, 1) = 0, therefore 


F(x, 91 — p)<O, F(x, 91 + v)>0. 


Applying the lemma § 23 again we can conclude that the inequalities 
F(x,9,—b) <0, F(x, + w)>0 


hold for all values of x in an interval (x, — 5, «, + 5) and we cam 
assume that 8<A, Therefore for every x in the interval (x ,—8, x,4-&) 
a number y* (9, — u<y*<y, +) can be found such that 
F(x,9*) = 0. Since x is less than ¢, therefore y* lies in the intervab 
(1-8) + +c). On'the other hand, since R’c R’, therefore the 
interval os —,71 + wu) and the number »* lie in the interval 
(v9 — 0:20 +8). But we have shown in 1° that only one number 
y = f(x) lies in that interval, which satisfies the equation F(x, y)=0. 
We therefore have 7* = f(x) and consequently 


yi — &<f(x*)<y1 +¢ 


for every x in the interval (x; — 5,1 + 5). Since ¢ is arbitrarily 
small and x, an arbitrary point in the interval A, it means that 
the function f(x) is continuous in the interval a. 


3°. Uniqueness of the function f(x) 
Let ¢ (x) be a continuous function in the interval A so that 
eto) =e ~ FES 2 )1= 0 (o — 2,.<¥<K9 +4. 


“Ifwe have jp — 8 <9 "(x)'< yo Bin the interval A, thenasa result 
of 1° o (x) is identieatly ‘equal to f (x). It therefore remains to'show: 
that ? (x) cannot assiime values in the interval: A, which-He outside 
‘the interval “(39 —- 8, .% #8)! “Let °?-(x)-be such a value and“‘let 
o(x) > Jo + B. Since ? (x9) = 379 <-¥9' + B; therefore it follows-from. 
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‘ 


continuity of the function ? (x) that a point x* can be found between 
xg and (x) at which ? (x*) = yy) + 6. But in that case F [x*, 
o(x*)] = F[x*, 5 + 8] = 0, which contradicts the second of the 
inequalities, (5) since the point x* evidently belongs to the interval A. 


4°. Existence and continuity of f' (x). 


Since, according to our assumption, the function F (x, y) has 
continuous partial derivatives in the rectangle R and hence also in 
the rectangle R’, therefore, according to theorem 2 § 90, it is differen- 
tiable at every sent (x, y) of this rectangle, 7.e. in transition from the 
point (¥, y) to the point (x + A ¥,y + A y) wehave: 

AF=F(x+ ax,y+ Ay) — F (x9) 
OF 


ay e+ 2% ay + 00) 


wheres = VAXx° +A y*. The increments Ax and Ay can in 
this case be arbitrary. Assuming that the points x andx + A x lie 
in the interval (x, — %, x» + %) we can now assume that 


=f) 9 + Ay = f(x + Ax), 
so that 
Ay=f(x + Ax) — f(s), 
where Ax remains arbitrary. We evidently have 
F (x,y) = F(x + Ax, y + Ay) =0, 
and, consequently, also 


; of of 
ao Oe eal 5) = 0 
AF ae Axte, Ay + 0 (9) : 


hence 


or 


sr Broly 14 ED) oC [8 


since we always have J/1 + a* <1 + [a| which can be ee by 
squaring both sides. It chevetore follows that 


OF | OF MI. a. fel 4 42) Jea(re 
ay to v payer, hoes ea 
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‘A — 0 for ¢ — 0; therefore 


oe 
Ay _ Ox 
qf ; 
—— FA 
ay FP 
‘We have shown in 2 ° that the function y = f (x) is continuous in the 
interval (x9 — @, % 9 + %) ; therefore A vy —>Oas A x — Oand there- 
fore:also Pp —> 0 which implies in its turn thatA > 0. But the quan- 
tities 0 F/9x and 0F/dy are constant for Ax > 0 and tne latter is non- 


zero ; hence the last equation gives : 


aF 
: Ay ’ x 

] = oe j 
fs Ax oe) oF 
Oy 


‘This evidently concludes the proof of all statements expressed 
by theorem 1. The expression obtained for f"(x) is the same as what 
we have obtained in § 92, 


It must be stressed that theorem 1, like many other theorems 
on existence of implicit functions, has a local character : it descri- 
bes the behaviour 0! the function F only in a neighbourhood of the 
point (x9,o) (in the rectangle R) and the behaviour of the function f 
only in a neighbourhood of the point x». Generally speaking either 
neighbourhood can be as small as we please. 


A natural generalisation of theorem | is expressed by the foilow- 
ing determining equation : 


F (x1, X95 savy Xag)) = 0 (6) 


which can have any number of independent variables. If =O and 
OF/ay ~ Oat the point (%19. 29, ..-) Xn»). then in aneighbourhood 
of the point NV (x49, ¥ 90) «++» ¥no) a UNique continuous function y = 
S (X11) % 9) +++) ¥n) exists which satisfies the equation (6) and becomes yy 
at the point WV; this function has continuous partial derivatives with 
respect to all variables, whose expressions can be readily found. The 
proof of all these statements is exactly the same as the above proof of 
theorem 1. 


For exercises to § 103 cf. Problem.Book by B.P. Demidovich, 
Section VI, Nos. 232,'235, 237, 275. 
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§ 104. The general problem 


We shall now consider the general problem and restrict our- 
selves to the consideration of two determining equations. The tran- 
sition from two equations to three, then from three to four, and soon 
does not involve further technical difficulties but merely requires a. 
more complicated notation. 


Let the following system of equations be given 


Py (x59 zZ)= 0, (1) 
Fy, (x, 9, Z) = 9, 

(for the sake of simplicity of notation we have chosen a problem with 
one independent variable), where the functions F, and Fy, are conti- 
nuous and have continuous partial derivatives with respect to all the 
variables in a region P of values of these variables ; this region may 
be chosen in the form of a rectangular parallelopiped. Let M (xo, 
Yo; Zo) be an interior point in the region P and let its coordinates 
satisfy the equation (1): 


Fy (* 0s 05 Zo) 0, 
Py (%o. Vos Z9) = 0. 


We want to establish the conditions when a unique pair of continuous 
functions exists 


y =f, (x), z= fe (x), 


which identically satisfy the equations (1) in a neighbourhood of the 
point +‘ so that 


Si (*o) =o Sa (%o) = Zo. 


We shall also be interested in differentiability of these functions. 


Let us at first assume that out of two partial derivatives 0 F,/0z 
df ,/az at least one is non-zero at the point M. Let us assume 
that 

oF, 
dz 


#0 


at the point M. It then follows from theorem I § 103 (extended to 
two independent variables) that in a neighbourhood Q of the point 
NV (% 9; 9) in the (xy)-plane the unique continuous fuuction 


z= f (x, ); 


‘470 A COURSE OF MATHEMATICAL ANALYSIS 


exists, which satisfies the first of the equation (1) and assumes the value 
Z, at the point .V; this function has continuous partial derivatives 
with respect to x and y in the neighbourhood Q of the point V. Hence 
in the neighbourhood Q of the point .V we have identically with 
respect to x and y 


Fy [x, 9, f (x, 7)] = 0. @) 
Let us now assume 
Fy, [x, v, f (x, y)] = ay ee y) 


and note the following. If we succeed in finding a continuous 
function 


D = f1(x), 


which identically satisfies the equation ® (x, y) = 0 in a neighbour- 
hood of the point x and is equal to yy at the point xo, then assuming 


ZS fH Fa), (4) 


we note directly that the functions f, and f, satisfy all the necessary 
requirements; in fact, the relation (2) is identically satisfied with 
respect to y and therefore remains valid when y» is’ replaced by any 
continuous function of x, for example, when y = fy, (x) is replaced 
only by /1 (%9) =.%0; therefore in a neighbourhood of the point 
xq we have identically 


Fy {4 fi (x), fix, fa (x)]} F Py ae it (x), fe (x)} = 0. 


On the other hand, we have defined the function »y = f, (x) as the 
solution of the equation 


D (x, 9) = 9, 


and therefore the relation (3) gives identically in a neighbourhood 
of the point x 9 


Dlx, fi (x) ] = Fe {x fi (x), fle fs (x)]} = 
= Fy ix, fy (x), fo (x)} = 0. 


Hence the functions y = f, (x), z = f»2 (x), in fact, satisfy both 
equations (1) in a neighbourhood of the point xy. On the other 
hand, it follows from the definition of the function f, (x) that 


Fi(%o) =I 
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and therefore 

Sa (*o) =f oti 0] =S Oe Vo) = Zo 
according to the definition of the function ft 


Hence we must solve the equation 
® (x, 7) = 0 


with respect toy. It is evident that all assumptions made with 
regard to existence of the required solution » = f;(x) are apparent 
from theorem 1 § 103 if we have at the WV (x9 79): 
. D 

0° £0; 

Oy 
Jet us now consider what these requirements involve. It follows from 
definition (3) for the function ® 

oD OF, , dks af 


OE age eee 5 
Oy ay | aZ Oy ’ >) 


but the identity (2) gives us after differentiation with respect toy: 


oF, | OF of _ 
oy ' oz Oy ; 


hence (since ¢F,/dz ~ 0) 


Of) 
of _ _ oy 
oy OF y ” 

Oz 


substituting this expression on the right-hand side of the equation 
(5) we obtain: 


ee! Ea OF, Jae es 


oy OF y OZ Oy ay 
Oz 
OF, Fy 
_1l |e al, 
OF y OF, OF» | | - : 
Oz | ez Oz oy . 


ty 


The condition that 90/0 0 at the point WV is thus equivalent 
to the requirement that we should have at the point’ M (x9, V9, Zo): 
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Of, OF 1. 
Z 0) | 0 
fs OF s | oe 

Oz Oy | 


The determinant on the left-hand side of this inequality is 
known as Osirogradskij’s determinant for the functions Fy, F’. with 
respect to the variables z, y and we shall denote it by 


We thus arrive at the condition that the determinant 7 should 
be non-zero at the point M (x9, 79, Zo). Let us note that the 
condition made from the beginning that out of the two derivatives 
oF ,/dz and dF ,/dz at least one should be non-zero at the point M, 
simply follows from our new condition since, if both these derivatives 
vanish, Ostrogradskij’s determinant has a column consisting of 
zeros and it therefore also vanishes. 


Let us therefore assume that 7 ~ 0 at the point AZ. We then 
have @®/9 y ~ 0 at the point (* 9, 79) and the solution of our problem 
is assured. And since the functions /;(x) and f.(x) were obtained 
in this process as a result of the second application of theorem 1 
§103 which always guarantees continuity of the resulting solutions 
and that of their derivatives, therefore the functions f, and /, and 
their derivatives f,’ and /,’ will also be continuous in a neighbour- 
hood of the point + 9. 


We must now prove uniqueness of the solution. Let us assume 
that we have two functions f*, (x) and f*, (x) in a neighbourhood 
of the point x«», which are continuous and satisfy the conditions 


Fy(x, f* 1, f*9) =0, Fy, (x, P71, f* 2) = 0 (6) 


and are such that 


S*1(%o) =Jo S* 2 (x 9) = £@> (7) 


we will show that we have identically /*, = 1, f*. =f. in a 
neighbourhood of the point x . 


*) This notation which is generally accepted is connected with the name of 
the German mathematician Jacobi whom the development of the theory and 
applications of Ostrogradskij’s determinants (“‘Jacobians’’) is usually attributed. 
However, Ostrogradskij himself obtained most of the more important results 
several years before Jacobi. 
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We have already mentioned above that the relation (2) is. 
identically satisfied with respect to x and y in a neighbourhood of the: 
point (*9, 79) and it will therefore also be satisfied in a neighbour- 
hood of the point x 9 if we replace y by an arbitrary continuous. 
function of x which becomes yy, at the point xg. It follows from 
(7) that we can take the function /*, (x) for this purpose so that 


Fils fi" Sf (% fl = 0 (8) 


in a neighbourhood of the point +, But, on the other hand, it 
follows from (6) that 


Fi[(x, f*1,f *2)] =, (9) 
and since z = f(x, y) is the wnigue continuous solution of the equation 
Fy (x, 9, 2) = 9, 
which is equal to Z) at the point (x9, 9), therefore it follows from 

(8) and (9) that 
F(x, f£¥*1) = fs (10) 


in a neighbourhood of the point x». But it follows from (3), (10) 
and (6) that in a neighbourhood of the same point x 


D(x, f"1) = Poles fat (4 fv] = Fe fy ff] = 0. (1) 
And since, by definition, the function y = /; (x) is the unique conti- 
nuous solution of the equation 

® (x, 9) = 9, 
which becomes y, at the point xy, therefore it follows from (t1) that 
Sx) = files) 
in a neighbourhood of the point x; it also follows from (4) and (10) 
that 
S* 2 (x) = foals), 


which was to be proved. 


The result of the above investigation can be stated in the form 
of the following theorem. 


Theorem 1. Let the functions F, (x, y, z) and F, (x, y, 2) be 
continuous and have partial derivatives with respect to all variables.in a 
neighbourhood of the point (xo, 1 Zo) and let at that point 
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D(Fy. Fs) = 
Dosa) 
In that case a unique pair of continuous functions 
y = Silx), 2 = fox), 


exists in the neighbourhood of the point x, which satisfy the equations (1) and 
the conditions fy (xo) =2 0) fo(%o) = Zo. These functions have continuous 
derivatives in the nzighbourhood of the point xy. 


F,=0, Fz, =0, f= 


We have already mentioned above that we can extend this 
theorem by means of induction to hold for an arbitrary number m of 
‘determining equations with left-hand sides F,, Fy,..., Fm and m+n 
unknowns 91, Yo,--+s Dm) X1) Xa, +++) Xn. The necessary condition 
for expressing the variables 1, »9,..., ym uniquely as functions of 
4, %o,---,%m” in a neighbourhood of a given point is that at that 
point 


_ D(Fy, Fay. oes Fm) 


J DV Ipees Im) 
where 

OF, hy Oy 

0¥1 dODe Om 

OF, OF, Fe 


F= O91 O92 “ Om 
| 


Fm OF OF mn | 


oy 1 OY 2 = OVin ; 


is Ostrogradskij’s determinant for the system of functions J, Fy,...,; Fm 
with respect to the variables »,, y2, .-. 5Jm (here we no longer take 
notice of the usual conditions of continuity and differentiability which 
are the same in all cases). 


It is very important to note that all propositions established 
above are of focal character: in all cases the properties of equations 
in a neighbourhood of a given point imply existence of solutions in 
the neighbourhood of a definite point; our theorems, however, tell 
us nothing of the dimensions of this neighbourhood. 


{t now remains to show in what way it is possible to express in 
the general case the derivatives of the required functions f; in terms 
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of the partial derivatives of the given functions F;. Let us consider 
this problem in relation to the conditions of theorem 1. Since in a 
neighbourhood of the point %9 we have identically : 


fy [x fa (x), fe (x)] as 0, 
Fy {x, fi (x), fe (x)] = 9, 
therefore by differentiating these identities with respect to x we obtain 
(remembering that we have already established existence and conti- 
nuity of the derivatives f;' (x) and fe’ (x) 
oF, , Od: , ide _o | 
Ox oy dx ez dx > | 


oF, Udy, Wade oo 
ox Oy dx Oz dx i 


(12) 


Regarding df, | dx and df, / dx as the unknowns of this system 
we obtain for them unique expressions in terms of the partial deriva- 
tives of the functions F, and F, since the determinant of the system 
{12) is Ostrogradskij’s determinant 7% which is non-zero in the neigh- 
bourhood in which we are interested. We therefore obtain: 


sn 
dx cx CZ ex oz JS 


J 


df _ ie OF os OF. 
dx F (ex ay ox oy 


§ 105. Ostrogradskij’s determinant 


s we have learnt in the last paragraph, 


1. General properties. A 
.5 Im) of the system 


the determinant J7=D(Fi, Fo,.--) Pn) | D(d15 Des. 
F, of m variables 1) Jo.+++» Ym On which 
these functions depend is of great importance in functional solution 
of a system of equations (or, which is the same in the theory of impli- 
cit functions.) However, the above determinant is also used in 
other analytical problems and has many applications; we must, 
therefore, regard this determinant as an important instrument in 
analytical arguments and calculations. If we are given m functions 
Fy, Fey Pm Of m variables 73, V2 s:*+> Jim and if, within the scope 
of the problem, we wish to generalise the concept of derivative of one 
variable to include our case so that this generalised form could be 
expressed by a single number (irrespective of m), then in a majority 
of cases it is convenient to take the determinant 7 as this number. 


of m functions Fy, F,---; 
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This was the position in § 104 where we considered existence of impli- 


cit functions; this can be clearly seen by comparing the theorems. 
in § 103 and § 104. 


The reason behind this general phenomenon which makes us 
regard the determinant 7 as a “derivative of the system of functions 
Fy, Fs,..., Pm of a system of variables yi, yo, -., Ym’ is due to the 
fact that most important properties of these determinants are similar 
to those of the usual derivatives ; we shall now consider several simple 
properties but for the sake of simplicity we shall restrict ourselves to 
the consideration of the case when m=2 (although all properties 
which we shall consider hold for every m). 


Let the functions x = x(u, v), y = 9(u, v) be continuous and 
have continuous partial derivatives with respect to u and v within a 
region of values of these variables and let in this region 

ete BD) ake 
D (u,v) 7 
For the system of functions 


Fy (x,y, Uv) = x — x (u, 2), 


F, (x,y, u,v) = y — y (4, v); 


all conditions of theorem | § 104 will be satisfied in the neighbour- 
hood of every point (x9, ¥) %, YU) (where (ug, %) belongs to the given 
region, vy = X (up, Up) and yy == y (Up, %)). This theorem therefore 
enables us to conclude that a unique pair of reciprocal functions 


u =u (x, 9) v= 0 (%9) 


exists in a neighbourhood of the point (xo, %); we can also maintain 
that these functions are continuous and that their partial derivatives 
with respect to x and y are continuous. 


Let us now assume that we are again given x = x (vu, 2,), 


y = (u, v) and let uw and », in their turn, be functions of new varia- 
bles s and ¢: 


uu ls, t),v = v(s, t). 


where these functions are subject to the usual conditions of continuity 
and differentiability. x and » are now ‘“‘composite” functions of s 
and t: 


x = x[u(s, t),v (5, t)]. 9 =v lu, t), o (s, 8). 
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According to the rule for differentiating composite functions 
4{§ 92) we have: 


Oxou , ox ov OM OP 08, ic OV 00 


aguas | 009s’ ds Ouds dvds’ 


0x 
OS 


and we have similar formulae for 0x/d0t and dy/dt. Therefore 


az ou, de x ay du, ay ae, 
D (xy) _ | ou Os Ov 0s Ou ds dv OS rr 
Dis) lax du, Oe 00 Dy du, ay a» 
[ou at dv @ Ou ot Ov Ot 


But on the other hand 


0* Ox 
A ea 0) 
D (u,v) Oy ay? 

‘au av 

oe 
D (uw, v) Gr ie (3) 
D (s, t) gv dv ; ‘ 

os Ot 


According to a well-known law for multiplying determinants 
the determinant (1) is equal to the product of the determinants (2) 
and (3) ; therefore 


D (x,y) _ Dlx, 9) D (us, >) (4) 
Di(s,t) D (u,v)° Ds, t) ° 


This relation (which remains valid for determinants with any 
number m of rows and columns) tells us how to construct Ostrograds- 
kij’s determinant for a system of composite functions ; this method is 
exactly similar to the law for differentiating a composite function of 
one independent variable 


dx dx du 
roe), u=uQ); Hae. 
In particular, assuming thats = x,t = » (2.e. returning from 


the new variables u, vto the old variables x, y) we obtain from the 
relation (4) 
D(x, 9) Du») _ D (x,y) _ | 1 
D (u,v) ° D(xy) D(x, 9) | 0 
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this shows that Ostrogradskij’s determinants for the system of given 
functions and for the system of reciprocal functions are mutually” 
reciprocal ; this rule is exactly the same as the rule 


1 
y = p(x) 5 x=x(y); dy dy 


for differentiating reciprocal functions when we have a function of one: 
independent variable. 


2. Ostrogsradskij’s determinant as the local coefficient of an ex- 
panding area. We shall now consider one very important geometrical 
application of Ostrogradskij’s determinant which we shall find useful 
later ; here we shall again restrict ourselves to the consideration of the: 
case when m = 2. 


Let the functions 
u== u(x, 9), 9 =o (x, 9) (ot 


be continuous and have continuous partial derivatives in a region of 
the XY-plane and let in this region 


D (u, v) 
D (x, 9) pe 


Let us analyse the transformations (5) of jvariables from a. 
geometrical point of view. Let u and v be the cartesian coordinates. 
of the point (u, v) ina new plane 
which we shall call the UV- 


plane. It then follows from the 

fo relation (5) that,each point P 
0 wa (x,y) in the given XY-plane: 

corresponds toa point Q (u,u) 

0 XY O y im the UV-plane (fig. 63). If 

Fig. 63. we assume that the point P moves. 

within the region ofthe X ?-plane,, 

then the corresponding point in the UV-plane will change its position 
in a quite definite manner. Hence every curve in-the XY-plane will 
correspond to a-definite curve.in the UV-plane and €ach figure ’in- 
the XY-plane to a certain figure in the UV-plane. Also*the region 
in which the functions (5) are defined in the AY plane will be transe 
formed into 4 new region in the UV-plane. 


y V 


‘ 

ey 

led ea 
: 


IMPICIT FUNCTIONS 47% 


Let A (a, b) be a definite point in the X2-plane, which lies 
within the region in which the functions (5) are defined and let / be- 
a small positive number. The points A (a, 6), B (a + A, 6), Cla +h, 
b+ h), D (a,b +h) (fig. 64, a) are evidently the vertices of a square 
with side A. As result of the transformation (5) these points become: 
the points A’, B’, C’, D’ respectively in the UV-plane (fig. 64, 5) 
whose coordinates are evidently equal to 


A’ [u (a,b) vu (a, 6), 7} 
B' {u(a +h, 6), v (a+ hy BY) | 
CWwiet he oh, SAL RIL 
D' [u (a,b + hj, v (a, 6 + h)). 


f (6) 
| 
J 


The square as a whole is transformed into a curvilinear quadrilateral: 
A'B'C’D' which is represented in fig. 64, 6. We shall try to find. 


i 
yd n c 
4 
| h 
| of B 
hi. ——Sa ae i art 
a qj x 


Fig, 63 


the approximate value of the area of this curvilinear quadrilateral orr 
the assumption that the number A is very smal}. We shall at first 
replace the arcs A’B’, B'C’, C'D', D'A’ of the curves by rectilinear: 
chords, keeping their ends the same, and calculate the area of the- 
rectilinear quadrilateral: A’B'C"D’ (fig. 64, 6) which will be equal to- 
the sum of the triangles A’B’C’ and A’D'C’. According to a well: 
known formula of analytical geometry the area of a triangle with 
vertices (%,, 01); (#2 2), (%3, Ug) is equal to half of the absolute value- 
of the determinant 


1 , lly Vy 1 j 
: ) | Uy — Uy Ug — Yy 
sear 2 7 Uo Us 1 _ ‘ 
| : Ug — Ug Ug — Us 
eee ee 


Hence we. obtain the following expression for the area of the triangle. 


A'B'C’ : 
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Ai E .|-¢ (a+h, 6) — u (a, b) v (ath, b)—v (a, b) | 
2 | (ath, b+h)—u (ath; b) v (ath, b+A)—v (ath; b) | 


l uy (ats h, b)h vg (+62 h, b) h | 
miele 


2 [aly (ath, b+ Osh) hoy lath, b+04 4) | 


he | u'» (a+, A, 6) v' » (at @, h, b) 
2 | uy (ath, b+65 h) vy (ath, b+64 h) 
where 63, 92, 93, @4 are numbers confind between 0 and 1. 


We assume that the partial derivatives of the functions u and v 
with respect to x and y are continuous and therefore also uniformly 
continuous in the (closed) region under consideration. It follows 
from continuity of the partial derivatives atthe point (a, 5) that, pro- 
vided h is small, all elements of the above determinant wlll differ by 
as little as we please from the values of the corresponding derivatives 
at the point (a, b) and the determinant itself will differ by as little as 
we please from the determinant 


uw’, (a,b) 2» (a, d) | 


,b) = 
a uy (a, b) U'y (a, b) | 


> 


i.e. from Ostrogradskij’s determinant for the functions u,v of the 
variables x, y at the point (a,b). Therefore we have the following 
expression for the area of the triangle A’B’C” when kh -> 0: 


FF b| + of =| F(a 5) + 0 U) 5 


but a similar calculation shows that the same expression will be 
obtained for the area of the triangle A’D’C’ so that when h — 0, the 
area of the whole rectilinear quadrilateral A’B’C'D’ is equal to 


h? | F (a, b) | + 0 (h?) ; 


it is important to remember that the evaluation thus obtained holds 
uniformly with respect to all possible positions of the point (a, 5) in the 
region under consideration. *? 


*) This means that, when A->0, the ratio of the second term to /2 tends to 
zero uniformly with respect to a and 6 in the given region, 
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We must now return ftom the rectilinear quadrilateral A’B’C’ D’ 
to the curvilinear quadrilateral with the same vertices. How- 
ever, the difference in areas of these two 
quadrilaterals evidently does not exceed the 
sum of the areas of four narrow strips which 
are shaded in fig. 64. Therefore in order to 
show that the expression (7) also represents 
the area of the curvilinear quadrilateral 
A’B'C'D’ it is sufficient to prove that the areas 
of the shaded strips are equal to a quantity 
of the type o (A®) ; the calculation is naturally 
the same for all four figures ; let us perform 
this calculation, say, for the figure A’B’ (fig. 65) and let us, for the 
sake of brevity, denote the coordinates of the points A’ and Bb’ by 
(uo, ¥,) and (uw + A u,v, + A »v) respectively. 


Let us assume that 7 (a, b) 4 0; in that case at least one of 
the partial derivatives @u / dx, dv / 0x will be non-zero at the point 
(a, b); let gu / 0x > 0 at the point (a, b); therefore provided f/f is 
sufficiently small, we have ¢u / ox > 0 at every point of the square 
ABCD and, in particular, at every point on the side AB of this 
square. Hence if the point (x, y) moves along point that side from A 
to B, the corresponding (u, v) moves along the curve A’B’ in the 
direction of increasing values of uw; we can therefore represent this 
curve by an equation in the form v = f (uz), where 4 <u <u + Aw. 
The equation of the rectilinear section A’B’ is evidently equal to 

pa apt 2? (ug) =f (ug) At AT 
so that the area S of the figure shaded in fig. 65 can be expressed bv 
the integral 

uyt Au 


s= [ sW=Slu- 


) 
(u—ug), 


u 


20 —f(u i 
KEP S (uy + AM) —S (tte) 


uo 


Since y remains constant in the interval 1B, therefore u anc 
v become functions of one variable x and we have: 


Cu Cv 
du= — dx, dv = — dx, 
Ox ox 
therefore 
dv _ oe 


dit Cu 
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since Qu/dx 0 in the interval AB, it implies existence and conti- 
nuity of the derivative f'(u) = dv/du in the interval (Uo, uy + Au). 
Hence we have for v5 Su< uy + Au: 


Sit) — f (9) = (ut) f(t)» fF (Wot Auf (to) = A Uf” (ts), 


‘where “1 and wv, are confined between uy and uy + Au; thus the 
expression obtained above for the area S can be written in the form 


ug-+ Au 
S= fw uodlf! (un) — J’ (usd] de 
ug 
and since the function f’(z) is continuous for Au > 0 
tot Aw 
S = 0 ( | (u — to) du) =0 (Au?*). 


1g 


But 
Au = u(at+h, b) — u(a, d) 


is an infinitely small quantitv of the same order as for h-> 0 and 
we therefore obtain: 


Soh"), 


‘which was to be proved. 


We can therefore say that the area of the curvilinear quadri- 
Jateral A’B’C’D’ resulting from the transformation (5) of the square 
ABCD is equal to the expression (7); this evaluation holds uniformly 
in the region under consideration with respect to the position of the 
“point (a, 5). Since the area of the square ABCD is equal to A, the 
ratio of the transformed and initial areas is equal to 


|F (a, 6)| + 0 (1), 


and the limit of this ratio for h > 0, is equal to | 7 (a, 6) }. 


This result can be greatly generalised. Instead of the square 
ABCD we could have taken any other sufficiently simple figure 
containing the point A (a, b) and we could subsequently have shrunk 
it so that its diameter should tend to zero; in this case (as can be 
seen from a more detailed analysis which we cannot give here) the 
ratio of the areas of the transformed and given figures will always 
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tend to the limit | 7(a, b)|. Hence the absolute value of Ostrograd- 
skij’s determinant for the transformation (5) can be regarded as 
the coefficient of expansion or contraction of areas resulting from the 
transformation (5) in the immediate neighbourhood of the point 
(a, 6). This result is very important in the theory of multiple 
integrals which we shall study in the next section. The geometrical 
part played by Ostrogradskij’s determinant can be extended to a 
space of an arbitrary number of dimensions. Thus in the transfor- 
mation of a three-dimensional space Ostrogradskij’s determinant 
for this transformation gives us the coefficient of volume expansion 


or contraction of small geometrical bodies which lie completely in 
the neighbourhood of a given point. 


§ 106. Conditional extremum 


In this paragraph we shall consider the theory of the so-called 
conditional extrema (maxima and minima) to which theory of implicit 
functions can be directly applied. 


Let a certain surface be given in space, which is defined by 
the following equation 


F (x, 9,2) =0; © (1) 


we must find a point on this surface at which a function f(x, 9, z) 
assumes the greatest (or smallest) value as compared with other 
points on that surface. From the analytical point of view this 
implies finding the maximum (or minimum) of the function /(x, 9, Z) 
for all possible combinations of the numbers x,y,z which are 
connected by the relation (1); this problem differs from the usual ex- 
tremum problems by the fact that a connecting equation (1) is given, 
j.e. that we are interested in the comparative value of the function 
f (x,y, Z) only at points subjected to the relation (1). 


It may happen that the point at which the given function f 
assumes its greatest or smallest value may be one of the points on a 
line expressed by the equations 


Fy (x, 9; g) a 0, 


By (x5) z)= 0. (2) 


From an analytical point of view this implies that among all combi- 
nations 'of the three numbers (x,y, Z) which satisfy the relation (2) 
there must be a point at which the function f(x, y z) has its greatest 
or smallest value. 
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In all such cases we speak of a conditional extremum of the 
function f(x, y, Z) bearing in mind the fact that at the point which 
we are trying to find, the function f(x, y, z) assumes its greatest or 
smallest value only in relation to points which satisfy some additional 
conditions of the type (1) or (2). These relations are usually called 
connecting equations characteristic of the given problem. The most 
general type of conditional extremum problem can evidently be 
formulated as follows: among the points (*1,% 9, ... 3 %n) Which 
satisfy the connecting equations 


Fs (% 15 Xage0e5 Xn) = O (ps 2) sang ts ne); 


a point must exist at which the given function f (1, 2) ... » Xn): 
assumes its greatest or smallest value. In such cases, as in ordinary 
extremum problems, the region of values of the variables x; (I1<i<n) 
in which we are interested is usually given beforehand. 


If some m variables (for example x4, *2, ---,;%m) can be 
determined in this region as single valued functions of the other 
variables (%m+1,---5%n) by means of m connecting equations 


MeO (tindis Mines whe en) (= 1, 25.04 m), 


then by substituting their expressions into the formula for the 
function f we evidently obtain a function of the variables (Xm+1,...,%n) 
whose extremum is now sought among various systems of values 
of these variables which are no longer interconnected, 7.e. we now 
have a simple extremum problem whose solution has been considered’ 
in §96. It is therefore obvious that in conditional extremum 
problems it is very important to solve the system of connécting 
equations with respect to a certain group of variables; thus the 
general theory of a conditional extremum is closely related to the 
theory of implicit functions. 


In order to simplify notation and clarify the arguments used 
we shall now consider the case when n = 5, m = 2, i.e. the problem 
of the conditional extremum of the function f(x, y, z, u, v) of five 
variables which are related by two connecting equations: 


Fax, 9, 2am; v) = a 


Fo (x,y; &y Uy, v) = 0. (3) 


All arguments which we shall use in this connection can be used 
without modifications for every n and m. Therefore, as in the case 
of a simple extremum and for the same reasons, we shall only 
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consider the properties of the relative (local) conditional extremum, 
and, as before, we shall restrict ourselves to the deduction of the 
necessary conditions of general character, for we are now even less 
able to go into further details. 


Let us therefore assume that at a point M (x9. y9, 2, Ug. %) Whose 
coordinates satisfy the connecting equation (3) the function 
S (x; ), 2, Uy v) assumes the greatest or smallest value as compared 
with all sufficiently closely situated points whose coordinates also 
satisfy the equations (3). Let us write a matrix with two rows and 
five columns 


oF, oy oF, oFy OFy 
ox oy 02 Ou Ov 


OF, OF: OF Fs OFs 
ox cy 6£ OU du 


and assume that among the determinants of the second order which 
can be composed of the elements of this matrix there is at least one 
which is non-zero at the point M. Let us assume that this is the 
determinant 


OF, 8Fy 

| ou Cv 

| oF aF, =f. 
| ou Uv 


In that case (assuming that the usual conditions of continuity and 
differentiability are satisfied by the functions / and F,) we can con- 
clude from theorem 1 § 104 that a single pair of functions exists 


u= Uu (x5), Z), v= U0 (x,y; 2) 


which identically satisfies the equations (3) in a neighbourhood of 
the point P (%9, %, 2) and for which 


U (Xo, Vos Zo) = Us v (Xor Vos Zo) = Vy. 


In a neighbourhood of the point P these two functions are con- 
tinuous and have continuous partial derivatives with respect to all 
three variables. 


Since in our problem we are interested in the values of the 
function f (x, », Z, u, v) at points close to the point Mf whose coordi- 
mates are connected by the relation (3), we can replace wz and v by 
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the functions w (x, y, z) and uv (x, », z) respectively in the expression 
of this function and maintain that the function of x, y, z so obtained 


9 (xy 2) = Six, y, 2 u (*, 9, 2), 9 (x,y 2D] (4) 


has a simple (ordinary) local extremum at the point P (%, Y%; 2%). It 
follows from § 96 that we should therefore have at the point P 


09 0@ ae 


a Tee 


according to the expression (4) the function 9 gives us: 


a Of ou of dv ) 
— + ot Fe eee ch 
ox Cu OX + CU Ox | 
| 
of , afau , of a | 
a eS a eee 5 
af, afm, afav 9 | 
az | au ec | Qu Az ai 


In order that the left-hand sides of these equations could be 
regarded as given functions of x, 7, z, vu, v we must express Qu / 0x; 
ou | ox, ou / a+, dv / 02, ou] Oz, dv / dz in terms of the five variable 
functions. But this necessitates differentiation of implicit functions 
which we have considered in detail in § 104. As before we shall 
differentiate the following identities with respect to x, y and z: 


Py [ap 95 2). UA Dy 2) 50 (8D, 2) = 0; 
fy [v9 &) a (x, 7, rae 0 (x, J) z)] = 0, 
whence we obtain: 
OF, , oF, cu , OF cv QQ | 
Cx r Cu ay au eas | 


Oly | Of, Ou Of dv 


ox. | Qu ox av ax 


(6) 


ae 
=0 | 


and similar relations for the derivatives with respect to yand z. As 
usual we can use the equation (6) in order to express uniquely the 
derivatives gu/ dx and Qu / ox in terms of the partial derivatives of 
the given functions /, and F, (the determinant of the system (6) is 7 
and, according to our assumption, it is non-zero at the point M and 
therefore also in a neighbourhood of that point). It is obvious that 
systems similar to the system (6) and written for derivatives with 


IMPLICIT FUNCTIONS 487 


respect to y and z, will give us analogous expressions for Qu / dy, 
dv / 09, du / dz, 0v/0z Replacing these expressions into the rela- 
tions (5) we obtain three equations whose left-hand sides can now be 
regarded as given functions of x, 7, z, u, v. Adding to these equations 
the connecting equations (3) we obtain five equations whose left-hand 
sides contain known functions of the variables x, y, z, u,v. We have 
shown above that this system of five equations with five unknowns 
should give the coordinates of the point M provided this point is the 
required conditional extremum. Itis therefore natural to call every 
system of five numbers (x,y, z, uv, v), which satisfies the system of 
equations obtained, as stationary point of the given problem. ‘The 
result can then be stated in the same way as the results obtained 
earlier for simple extrema: provided the usual conditions of continuity 
and differentiability of the given functions are preserved, the function 
can only have local conditional extrema at stationary points. Natu- 
rally the question whether this or other stationary point gives the 
local extremum of the function fand, if so, what is the nature of this 
extremum, cannot be answered on the basis of the above considera- 
tions and must be investigated separately. 


We have seen above that the first three equations of a system 
of five equations available for the determination of stationary points 
are obtained as a result of solving the system of linear equations (6) 
with respect to cz / @x and ¢dv/ dx and the substitution of the resulting 
solutions into the first of the equations (5); the same operations are 
subsequently carried out for derivatives with respect to y and z and 
the results obtained are replaced respectively in the second and third 
of the equations (5). It is clear that there would be no great diffi- 
culty in carrying out all these simple operations and writing the final 
system of equations in a definite form (this would evidently contain 
only partial derivatives of the functions f, / and /*, with respect 
to all five variables). However, we shall not do so, for in practice we 
can usually obtain the final system of equations for the determination 
of stationary points by means of another simple method, wz by the 
so-called ‘‘method of undefined factors’’. We shall now slow how 
this is done. 


The sequence of operations described above essentially involves 
an elementary algebraic operation — elimination of six unknowns 
au / ax, ou | ox, du / dy, dv/ Oy, Ou | OZ, Ov / Oz from nine linear equa- 
tions ((5), (6) and four analogous equations (6) for the derivatives of 
the functions z and v with respect to y and z). This elimination can 
naturally be carried out in different ways. ‘Thusin the method used 
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above we have obtained expressions for all the unknowns eliminated 
from the last six equations and substituted these expressions in the 
equation (5). In practice this method is often inconvenient owing to 
its asymmetry: the part played by the unknowns uw and v differs 
essentially from that played by the remaining variables x, y, z. The 
main advantage of the method of undefined factors is due to the 
equivalence of five variables. 


Let us assume as beforc that the point Af (xo, %, Zo; Mes Yo) Zives 
us the required local conditional extremum of the function / and let 
us preserve all former assumptions made with regard to the functions 
J; fF; and F, in the neighbourhood of the point M. The system of 
equations 


of 4 of : Of 


_a | 

ou Vou aN qu 0, | 
(7) 

Aes Te 

ap +A aD + Ag an 0, J 


where all partial derivatives are taken at thc point M thus has a 
single solution (Aj, A,). Multiplying the equations (6) by Ay and Ag» 
respectively and adding them term-by-term to the first of the equations 
(5) we obtain at the point M (as a result of (7)) : 


eS Bey ace ene Wace > (8) 
ons cx Ox 

if we now write equations analogous to (6) for the derivatives with 
respect to y and z and combine them in the way described above 
with the second and third of the equations (5), we evidently obtain, 
as in the equation (8), the following equations 


Of oF OF 2 > 
—— Ai A ~~ = Q, 
ay = Oy oa Oy | 
of .. Oi. 2 _ nf “ 
COE Ne Sal eo Ss ) 
pe tr Ga ee J 


The system of the five equations (7), (8) and (9) is evidently 
completely symmetrical with respect to the five variables x, y, z, u, v. 
Adding the connecting equations to these five equations we obtain a 
system of seven equations with the unknowns x, y, z, u, v, A4, Ag; 
which (when the usual conditions of continuity and differentiability 
are preserved) should be satisfied at every stationary point. 
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If together with the given function f we are also considering 
the function 


hse ois Ai Py + Aek, 


of the same variables, where A, and A, are undefined numerical 
factors, then the system of equations (7), (8), (9) obtained can be 
written in the form 


OP Oe tO a OU OP ag 

ox Oy) COKsi SC (Q 
and it therefore represents the system of equations which we would 
have obtained if instead of the conditional extremum of the function 
f we would have sought the ordinary extremum of the function ©. 
In this reduction the definitions of the conditional stationary points of 
the function f and finding of the ordinary stationary points of the func- 
tion ® involves the practical application of the method of undefined 
factors. We thus see that the system of equations which determine 
the conditional stationary points of the function f have two more 
unknowns (A, and A.) than those for ordinary stationary points; 
we now also have two more equations since the connecting equations 
are added. 


Example. The parabolloid of rotation 
| royaz (10) 
is mtersected by the plane 
xt+y+z=1 (11) 


in an ellipse; find the greatest and least distances of points on this 
ellipse from the origin of coordinates. 


From an analytical point of view this problem evidently neces- 
‘sitates finding of the maximum and minimum of the function 
Oa mee aiden Oe 

where the equations (10) and (11) are the connecting equations. 
Using the method of undefined factors we eonstruct the function 

D(x, 9) LHP LPP +A, (x+y — 2) + Aga ty +e— 1) 
and equate to zero its partial derivatives with respect to all three 
variables; this gives : 


ne ae aa As. 
ne Te 2) a ie 
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substituting these expressions in the connecting equations (10) and. 
(11) we obtain after easy calculations: 


5 11 
A= m-34ZV3, A= TH GZ V3, 


and therefore 


Dae er a gan Z= 25 V3. 


This gives two values 9 -F 54/3 for the quantity x? + y? + z°3 since’ 
the case under consideration existence of the required extrema is 
geometrically obvious, therefore on furthur investigations into the 
nature of the two stationary points obtained are needed and we can 
consider the problem solved. 


The reader will find further exercises in the Problem Book by 
B.P. Demidovich, Section VI; we recommend Nos. 447, 448, 4533. 
456, 465. 


CHAPTER XXV 
GENERALISED INTEGRALS 


§ 107. Integrals with infinite limits 


In this chapter we shall consider two wider concepts of definite 
integrals which are very important in the further development of 
theory and its applications. 


The function 7» = 1 / «? is positive in the region x > 1; it is 
continuous, decreases constantly as x increases and tends to zero 
| asx—> oo. Let.us consider the area 
below the curve y = | /x* and above 
the OX-axis between the abscissae | 
and b > 1; we know that this area 
(fig. 66) can be expressed by the integ- 
ral 


° 1 

ax 
[slop (1) 
1 


This area increases as b increases. 
Fig. 66. indefinitely, the shaded figure in fig. 66 

will extend indefinitely and reach more 

and more to the right; however, its area remains bounded and tends 
to unity, as can be seen from the relation (1). This phenomenon is 
exactly similar to the summation of a convergent series with positive 
terms, for example, a simp!e geometrical progression ; partial sums of 
series with an increasing number of terms, thus increasing continu- 
ously do not, however increase indefinitely but tend to a definite 
limit; similarly here the shaded part includes an indefinitely large 
area as b increases and thus increases continuously but not indefi-- 
nitely and tends to a definite finite limit. And as before we have 
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-agreed to call the limit of the partial sums as the sum of “‘all’’ terms 
‘of this series, so now the limit of the shaded figure can be called the 
area of whole figure extending to infinity and bounded from above by 
‘the curve y = 1 / x”, from below by the OX-axis and from left by 
‘the straight line x = | (it is not bounded at all on the right). 


However, partial sums only have limits for convergent series ; 
‘we know that there exist series whose terms are positive and decrease 
monotonically tending to zero while the series themselves diverge so 
‘that their partial sums increase indefinitely without tending to any 
limit (for example a harmonic series). We can have a similar 
position here with the area of the figure which extends to infinity. 
Thus the curve y = 1/x has a similar course to the curve y = 1/x° 
dfig. 66) in the region x > 1; but since for 6 + a 


b 

ie =lInb>o, 
x 

1 


‘therefore in this case the area of the shaded figure increases indefinitely 
as b increases so that the whole figure extending to infinity has no 
longer a finite area. 


Let us agree in general to call the limit, in case it exists, of 
every function f(x) integrable in the interval (a, 5) where 0 is as 
‘large as we please : 


b 
lim [ r0 dx, (2) 
b—> 2 : 


as the generalised integral of the function f(x) in the subinterval (a, + <c) 
Aor within the limits from a to -+ 0), and denote this limit by 


fy (x) dx. (3) 


Tf the limit (2) exists, then the integral (3) is said to be convergent and 
the limit (2) is said to be the value of this integral. Ifthe limit (2) 
does not exist, then the integral (3) is said to be divergent and has no 
value. Here the function f(x) must not necessarily be positive or 
‘monotone; the above definition will have a definite meaning pro- 
‘vided the function f(x) is integrable for every 6 > a in the interval 
(a, 6); this means, it is sufficient to assume that the function f(x) is 
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continuous in the region x >a. In this general case the simple 
geometrical interpretation of the integral (3) which we have used in 
the beginning will evidently no longer hold. 


We have so far assumed that the lower limit of integration. 
remains constant whereas the upper limit increases indefinitely. We 
shall evidently have a similar case when the position is reversed, 1.¢.,. 
when the upper limit of integration 4 remains constant whereas the: 
lower limit of intergration a, which is negative, increases indefinitely’ 
in its absolute value (a ~ — oo). If the function /(x) is integrable- 
in the interval (a, 6) for every a < 6 and if the following limit exists °. 


b 
lim | dx, (4), 


a> —o 


we can denote this limit by 


b 


| fle) av (5): 


—@D 


and say that the above integral is convergent and equal to the limit 
of (4); if this limit does not exist, then the integral (5) is divergent 
and has no definite value. 


Finally the case when a ~ — w and 6— + © simultaneously 
and independent of one another is also possible, 7.¢., the interval of 


integration increases and covers the whole number line. We assume 
in this case that the integral 


“ b 


| f(x) dx = I (a, b) 


a 


tends to the limit J and write 


lin J ‘a, b) = J, (6) 
a—>—© 
b—> +0 


if for every ¢ > 0 an A > 0 can be found such that for a << — A’ 
b > A always 


| [(a, 6) —I| <e. 
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‘Obviously it is necessary and sufficient for the limit (6) to exist that 
the following two integrals should converge 


ne 0 
| Six) dx and | f (x) dx, 
0 — oo 


and when this is so, the limit (6) is equal to the sum of these two 
‘integrals. If the limit (6) exists, we can denote it by 


+ co 
[ £0) de, (7) 


-and we say that the integral (7) converges; otherwise we say that the 
integral (7) diverges and we are not able to give it a numerical value. 


Example 1. Since 


l+x 


b 
dx 
= arctan $6 — arctan a, 
a 


‘therefore 


b 
lim { dx : ( 5 
I 7 — ree _ — = 77: 
once Sige 2 2 
a 


b>+o 
‘the integral 


is therefore convergent and equal to zx. 


Example 2. Since 
b 
[ cos » de = sin b — sing 
a 


‘and since sin x does not tend {to a limit for x — oo, therefore, the 
‘integrals 


+0 b 4 
| cos x dx, | cos x dx, | cos x dx 
a — © — co 


care al] divergent and have no numerical values. 
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Example 3. Since 


‘therefore the integral 


b 


[ eray 


— © 


1s convergent and equal to e? (since e* +0 as a— — «) ;on the 
-other hand the integral 


+0 


[ eax 


a 


is divergent (sincc e& > + cw asb—->-+ 0). Therefore the follow- 
‘ing integral is also divergent 


The analogy between infinite series and generalised integrals 
prompts us to seek methods for determining convergence of genera- 
lised integrals on the same lines as in finding methods for determining 
‘convergence of infinite series. In future we shall only deal with 


[oe] 


integrals of the form J; however, all that we shall deduce can be 
a 


applied without essential modifications to integrals of the type 


At first thc general theorem 2 § 19 gives us the necessary and 
‘sufficient test for convergence of the generalised integral 


[ fo av (8) 
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in the form of the condition that for « > 0 and for all sufficiently 
large b, and b, we must have 


bo by 
\[roa—[saal<e; 


since 
be by bs 
[s@a—[ se ae= [ £0) dx, 
a a by 


therefore this gives us the following test. 

Theorem 1. In order that the integral (8) should be convergent it is 
necessary and sufficient that for arbitrarily small ¢ > O the following inequa-- 
lity should hold for all sufficiently large b, and bg: 


(in other words, in order that a generalised integral should converge- 
it is necessary and sufficient that any of its sufficiently far removed. 
(and as far as we please) “‘part’” should be as small as we please). 


In the same way as the necessary and sufficient condition for 
convergence of a series with constant signs is the limit of its partial. 
sums, so in order that the integral (8) with a non-negative integrand f(x) 
should converge it 1s evidently necessary and sufficient that the 
integral 


[seo av 


a 


should remain bounded for b > o. This fact enables us to establish: 
the principle of comparison of integrals which is analogous to the: 
principle of comparison of series with constant signs (theorem | § 68). 


Theorem 2. Jf we have 0 < f (x) <9 (x) for ax<x< + 0 
(where c > 0 ts a constant) and if the functions f (x) and 9 (x) are int-gra- 
ble in every interval (a, b)(a < 6), then convergence of the integral 
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implies convergence of the integral 


fy (x) dx, 


and the following inequality also holds : 
[ fax <e|e (x) dx. 
a a 


The proof is similar to that of the principle of comparison of 
series and we can therefore leave it to the reader. 


Example 4. Since « is constnt and x — + ©, we always 
oi 
have x% 7? > 0 (example 7 § 37), and therefore for a sufficiently 
large x 


hence 


a Ser 
“3 # 
é 


2 


ae 
2 


x 
xte—* = xX%e <e 


It therefore follows from convergence of the integral 


that the integral 


8 


[ote ax 
N 
converges for every constant &. 


[oe] 
iy - 2 
Example 5. fe dx = “— 1s convergent ; since e~™ < ¢* for 


1 
x > 1, the following integral is also convergent : 
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co 
2 
[eo dx, 
I 
although we do not know its value. 

We shall not consider simple properties of generalised integrals 
which are analogous to the corresponding general properties of 
infinite series and proved in the same way. ‘Thus it can be readily 
shown that by changing the function / (x) arbitrarily in a finite interval 
(as long as it remains integrable) we cannot affect convergence of 
the integral (8) (although we generally change its value). More- 
over, if both integrals 


oo 


i= [sf (x) dx, I afi (x) dx 


are convergent, then the integral 
r= [tA fel} a 
a 


is also convergent and 
I = fy + Ty. 
The integral (8) is said to be absolutely convergent if the following 


integral converges _ 


| 1f G9) | a (9) 


Convergence of the integra! (9) implies convergence of the integral 
(8); in fact, if the integral (9) is convergent, it follows from theorem 
1 that for arbitrarily small « > 0 we have for every sufficiently large 
b, and b, 


be 
Lf Lec ae <& 
by 
But we know (last theorem of § 51) that 


{, 


bo 
<| [isla 
‘ by 


7 


‘. 


by 
fF) dx 
Due He. 4 
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therefore for every sufficiently large 6, and 6, 


and again as a result of theorem 1 this implies convergence of the 
integral (8). 

As in the case of infinite series theorem 2 (the principle of com- 
parison) enables us to establish several concrete tests for convergence 
of generalised integrals which are convenient in practice; we shall 
now consider some simple tests of this kind. 


Theorem 3. [fa > | and the following inequality holds for all suffi- 
ciently large values of x: | f(x) | < ex-*, where c > 0 ts a constant, then 
the integral (8) ts absolutely convergent ; conversely, if « < I and forall suffi-: 
ciently large values of «x we have f(x) > x~%, then the integral (8) is 
divergent. 


We assume, as usual, that the function f(x) is integrable in 
every finite interval (a, b) (a < 8). 


Since the integral 


| x-% dx 


a 


(where a > 0) is convergent for « > 1 and divergent for « < 1, 
therefore theorem 3 follows directly from theorem 2; that we must 
restrict ourselves only to sufficiently large values of x is, of course, due 
to the fact that changes in the function /(x) in a finite interval do not 
affect convergence of the integral (8). 


It follows directly from theorem 3 that integrals, lke those 
shown below, must be absolutely convergent 


sin xy | Kax 
x? *s (1 + x)?’ 
1 0 


etc. The test for convergence established by this theorem has many 
practical applications ; however we must regard it as rather rough, 
since it can only be used (as can be seen from its formula) to establish 
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absolute convergence of integrals (and other better tests can be found). 
‘We therefore give below another much more sensitive test. 


Theorem 4. J/fa>0,a> Oand the function 9(x) ts continuous 
for every x > a and a positive number C exists such that for all b > a 
b 
| i 
|| ¢ ead C, 
a 


then the integral 


1s convergent. 


Proof. Let us assume that 


“« 
| o (u) du = @ (x), 
a 


so that 
[DP (x) | <C (a<x< + 0}. 
Integrating by parts we obtain : 


x 


x“ x 
D’ ( ® - @ 
[tye des JO ae ae = ae) +o [cae 


u a+ 
a 


If we now assume that x inrceases indefinitely, then the first term 
on the right-hand side tends to zero so that 
® (x) C 
i a eh 
and, on the other hand, ® (a) = 0 according to the definition of the 
function ® (x). The second term on the right-hand side tends to the 
following integral as itslimit for x > oo: 


x | ma du (10) 


GENERALISED INTEGRALS 301 


which is (absolutely) convergent in accordance with theorem 3, since 
a > Oand|® (u)| < C. Hence the limit 


fos) 


lim [2 OM, os {2 Cry 
x—> oo u 
a a 


exists (and is equal to the value of the absolutely convergent integral 


(10)). 


Theorem 4 can be successfully used in order to establish con- 
vergence of many integrals which play an important part in various 
applications; a typical example of integrals of this kind is the 
integral 


sin x 
[22> ax, (11) 
x 
which, according to theorem 4, is convergent so that 


| ee ee (O<x< + om). 


ene 


We will show that the integral (11) is not absolutely convergent (or, as 
is usually said, conditionally convergent), i.e. the integral 


[ee] 
sin x | 
x 
a 


(a > 0) is divergent. As always, |sin x| > sin? x and it follows from 
the principle of comparison (theorem 2) that for this purpose it ts 
sufficient to prove that the following integral is divergent : 


sin? x 1 — cos 2x 
[os jee |- ede (12) 
a 


But the integral 
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4 


.is similar to the integral (11) and its convergence can be réadily esta- 
blished by means of theorem 4. Thus if the integral (12) would be 
convergent, then by adding the integral (13) to it we would obtain a 
sum 


which should also be convergent ; however, this is not so; therefore 
the integral (12) is divergent and the integral (11) is only conditionally 
convergent. We have a similar position with all integrals of the 


‘type 


fO<e<l. 


For exercises cf. Problem Book by B. P. Demidovich, Section 
VI, Nos. 108, 109, 111, 120. 


In this paragraph we had many occasions to observe the way 
in which the analogy between infinite series and generalised integrals 
is of decisive importance in determining fundamental concepts and 
elucidating main properties of integrals with infinite limits. We will 
now show how the concept of generalised integrals can be conversely 
used for making deductions which are very important in the theory 
of infinite series; by using the concept of generalised integrals we shall 
establish a test for convergence of series with constant signs, which by 
its validity and convenience in practical applications has many ad- 
vantages over all the elementary tests established in § 68. 


Theorem 5. (Cauchy’s integral test for convergence of series). 
Let f (x) be a positive non-increasing continuous function defined for every 
x > a, where ais a constant natural number. In that case the series 


fliga@tflat+1)+...+f(@+tak)t+... (14) 


will be convergent or divergent according as the following integral is convergent 
or divergent : 
@ 


[fo dx. (15) 


va) 
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Proof. Since the function f (x) is a non-increasing function; 


therefore we have f (a+k) > f (x) ed arial) for ete 


and consequently 


atktl ae 
FatH> | fl)deDfetk+l) .(k=0,1,2,..., 
ab : 
Summing these inequalities with respect to é from 0 to n we obtain: 
| n atnt+l n 
V f(a+k)> f(x) de> VP flatk+t). 
k=0 k=0 


If the integral (15) is convergent, then the central part in these in- 
‘equalities remains bounded for n > co; the right-hand side will also 
be bounded and this implies convergence of the series (14) with cons- 
tant signs; if, however, the integral (15) is divergent, then the central 
part will increase indefinitely for n > 00; the left-hand side will also 
‘Increase and this shows that the series (14) is divergent. Theorem 5 
is thus proved. 


Example 6. In § 68 we have considered an important class of 
series with constant signs of the form 


) ] 
ee ee (16) 


and proved that the series (16) converges for s > 1 and diverges for 
5 <1. Theorem 5 can be used to establish convergence of the series 
(16) directly. Assuming in theorem 5 that a = 1, f (x) = x«~*, we can 
see that convergence of the series (16) is equivalent to convergence of 
the integral 


oO 


| x8 dx, 


1 
which is convergent for s > 1 and divergent for s < l. 


Example 7. Let us now consider a more sensitive problem on 
convergence of series of the type 


1. 
yh n (In n)s’ “a 
=2 
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where s is a constant.real number. It can be readily shown that if 
5 > 0, none of the tests considered in § 68 can be used to establish con- 
vergence of series of this type. However, this problem can be readily 
solved by means of theorem 5. Let us assume that a = 2, f (x) 
=1/x (In x)* , so that convergence of the series (17) is equivalent to 
convergence of the integral 


CO 
| se, (18) 


x (In x) * 


Since 


j ww ‘fdas —n 2) #1), 

w(In us" * | 

|. In In x .— In In 2 (s = 1), 
therefore the integral. (18) is convergent for s > 1 (it is equal to 
1/(s — 1)(In 2)s-1) .and divergent for s <1; hence the series (17) is 
also convergent for s > 1 and divergent for s <1. The series 


co 


1 
2 ninn 


n=2 


is also divergent whereas the series 


is convergent. 


For further exercises cf. Problem Book by B. P. Demidovich, 
Section V, No 64. 


§ 108. Integrals of unbounded functions 


In defining the concept of an integral we have so far always. 
assumed that the integrand is bounded within the interval of integra- 
tion. We shall now introduce a wider concept of an integral which 
will enable us in certain cases to integrate unbounded functions. As. 
in § 107 we shall begin by considering a simple case. Let the 
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function f(x) be defined in the interval (0, 1) as follows : 


fences 
fay=4 ve 
| 0 (x = 0). 


(0<x« < 1), 


Since 1/4/x increases indefinitely as v > 0, therefore the function: 
J (x) is not bounded in the interval (0, 1). It is discontinuous at the: 
point x = O and continuous at all 
other points in the interval (0,1). Its 
graph is shown in fig. 67. It is 
evident that for arbitrarily small «> 0 
we can integrate the function f(x) in 
the interval (s, 1) and its integral 


] 1 
'} 
[soja =[SF=2va! = 
= 2(l— vs) (1) Fig. 67 


expresses the area of a curvilinear trapezium which is shaded in 
fig. 67; this area increases indefinitely as < decreases; when « — 0,. 
the shaded figure extends indefinitely upwards; however, it can be 
seen from formula (1) that the area of this figure does not increase 
indefinitely in this process but merely tends to the limit 2. We 
naturally take this limit as the area of the whole region above the 
interval (0, 1) of the OX-axis and below the curve y = 1/4/x. This 
geometrical illustration again gives us an example of a figure which 
has a finite area although it extends to infinity. A comparison of 
fig. 67 and fig. 66 readily shows the close resemblance of the two 
pictures. 


From a purely analytical point of view we have here a case in: 


which we are unable to determine the above area by means of the 
integral 


fea 
0 


since the integrand is unbounded in the interval (0, 1); but we 
assume that this area is equal to the limit 
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1 ae 
lim | f(x) dx; . (Z) 
e— 0 

& 


‘for arbitrarily small ¢ > 0, the integral 
1 
[ fora 


has a definite meaning, since the function f(x) is continuous in the 
interval of integration. 


The limit (2) is called the (generalised) integral of an unboun- 


-ded function f(x) from 0 to 1 (or in the interval (0, 1)) and simply 
‘denoted by 


— 


| F(x) dx ; 
0 
‘we can therefore write 


3 


Let us now consider the general definition. Let the function 
f(x) be defined in the interval (a, 5) and be integrable for arbitrarily 
small < > 0, (and therefore bounded) in the (a + ¢«, 6) but not 
bounded in the whole interval (a, 5). Ifthe following limit exists in 
this case : 


b 
lim f (x) dx, (3) 
¢—0 
ate 


then we simply call this limit the (generalised) integral of the unbounded 
function f(x) in the interval (a, 6) and denote it by 


| f(s) des (4) 


the integral (4) is, in this case, said to be convergent ; if, however, no 


limit exists, then the integral: (4) is said to be divergent and has no 
numerical value. 
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We can thus see that this wider concept of an integral is used 
in cases when the integrand is only unbounded in the immediate 
neighbourhood of a point in the interval of integration and bounded 
-and integrable at all other points in this interval. In our example, 
as well as in the general case, one such “singularity”’ is the left end a 
of the interval of integration. It is, however, self-evident that this 
definition holds for every position of the “singularity” in the interval 
of integration. Thus if the function f(x) is integrable for every 
-= > 0 in the interval (a, 6 — <) but not bounded in the whole interval 
(a, 6) and if the integral 


[ seas 


tends to a limit for « + 0, then, according to the definition, we 
. assume that : 


b b—e 


[ dx = te ST (x) dx; 


a 


here the right end 4 of the interval of integration is a singularity. 
Finally if an arbitrary interior point ¢ is the singularity in the interval 
(a, 5), i.e. if the function f(x) is integrable in each of the intervals 
(a,¢—e,) and (¢+<, 45) for arbitrarily small ¢, > 0 and s > 0, 
then we simply assume that 

b 


sta) dx = [ 700) de + | f0) ds 


¢ 


ame, 


where both integrals on the right-hand side are generalised integrals 
with a singularity ¢ at one end of the interval of integration and we 
-can therefore regard them as defined. It is self-evident that in order 
that the integra] 


b 
| Fore 


should be convergent it is here necessary and sufficient that both the 
limits 
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and 


should exist. 
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C—€) c 
lim [re dx = [ro dx 
€,;—>90 i ‘ 
b b 
lim | f(x) dx = [re dx 
to 
c+Hte, " 


We have already drawn attention to the fact that if the inte-- 
grand is positive, the geometrical illustration of the integration of an 
unbounded function resembles the corresponding illustration for 
integrals with infinite limits as considered in § 107. It can be readily 
shown that these two problems are closely related to one another 


analytically. 


Let us assume, for example, that the function / (x) is 


unbounded in the neighbourhood of the left end a of the interval of” 
integration so that 


\s (x) dx ae [res dx. (5): 
+ 


where it is assumed that 


ob)= aS (a+). 


The relation (5) therefore gives us : 


Rac dx = lim . (y) dy = 
-—>0 
j 


1 


9 (9) 


b—a b—a 
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so that the integral of an unbounded function can be transformed 
into an integral with an infinite limit simply by transforming the 
variable of integration. Asa result of this connection between the 
two new concepts of integrals the properties of integrals of the first 
type considered in § 107 correspond to analogous properties of integ- 
rals of unbounded functions. Hence all fundamental concepts in 
the theory of integrals of unbounded functions can be constructed on 
lines parallel to the fundamental concepts in the theory of integrals 
with infinite limits as considered in §$ 107. The proofs of all propo- 
‘sitions can be carried out equally by either one of two methods : 
they can be constructed in full analogy with the arguments used in 
§ 107 (which, in their turn, were mostly carried out by analogy to 
the theory of infinite series) or we can use the above method of 
‘transformation of the variable of integration and thus convert the 
proposition to be proved into the corresponding theorem on integrals 
‘with infinite limits and then refer to the appropriate theorem. 


Here the following propositions hold, which are analogous to 
the corresponding theorems considered in § 107 (we assume in all 
-cases that the integrands are bounded and integrable in the interval 


(a + ¢, 6) for arbitrarily small < > 0 but in general not bounded in 
the whole interval (a, 5). 


Theorem i’. Jn order that the integral (4) should converge tt is neces- 
sary and sufficient that for arbitrarily small ¢ > O the followtng inequality 
should hold for all sufficiently small 8; > O and 6,> 0: 


atode 
[sax Sy 
ata, 


Theorem 2’ (Principle of comparison). If we have 0 <f (x) <cp (x) 
fora <x <b, where c is a constant positive number, then convergence of 
the integral 


dmpites convergence of the integral 
b 


{ f (x) dx, (4) 


a 
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and the following inequality holds: 
b 


fro dx <e | ots ae 


The integral (4) is said to be absolutely convergent provided the- 
following integral is convergent : 


b 


[flair (6): 


a 


according to theorem 1’ convergence of the integral (6) implies con— 
vergence of the integral (4). 


Since the integral 


(x — a)-* dx, 


a= 


is convergent for « < 1 and divergent for « > 1, as can be easily 
shown, the following simple test for convergence can be deduced 
from theorem 2’. 


Theorem 3’. Ifa < 1 and for every x > a sufficiently close toa the 
following inequality holds: | f (x) | < (x — a)~*, then the integral (4) is 
absolutely convergent; but, if % > 1 and for every x > a sufficiently close to ai 
we have f (x) > (x — a), then the integral (4) is divergent. 


The more sensitive test stated by theorem 4 § 107 which en-- 
ables us sometimes to determine the non-absolute poudiconan con-- 
vergence of integrals also corresponds to an analogous test for con-: 
vergence of integrals of unbounded functions which is expressed by 
the following proposition. 


Theorem 4. Jf a > 0, the function p(x) is continuous for x > a: 
and there exists a positive number C' such that we have for arbitrarily smalk 
e>0 


b 


| @ (x) dx 


ate 


<G, 
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then the integral 


b 
[@-ar¢ (x) dx 


2s convergent. 
Proof. Let us assume that 
b 
| o(x) dx = ® (u) (a<u<b), 
ul 


so that: ® (u) |< C(a <u <6). Integrating by parts we obtain :: 


Jeno O(a) = 


b 
=[—( a4 O60) ])" ta | te a)20 (aya _ 
++ 


a & 
b 
= <«*@ (a | (x — a) *1 @ (x) dx, 
a+-e 


since ® (6) = 0. Whenz— 0, the first term on the right-hand side- 
tends to zero since « > Oand'® (a+ <)| < C. The absolute value 
of the integrand of the second term is less than C / (x—a) 1~-*, .where 
1—a<1. It therefore follows from theorem 3’ that the second 
term on the right-hand side tends to the following integral as its limit 
for « > 0: 
b 
«| (x — a) 4-1 D (x) dx. 


a 
Hence, if ¢ — 0, the left-hand side of the last equation also has the: 
same limit and theorem 4’ is proved. 


Example 1. Let us consider the integral 
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For every constant A > 0 the product « A In x tends to zero for 
x —> 0, as can be seen directly by applying L’ Hopital’s rule, if we - 
‘represent this product in the form of the ratio In x fx, Assuming, 
in particular, that’ = 1 / 4, we have for a sufficiently small x > 0 


1 
[Inx«|<wx 4, 


.and consequently 


| In x | ao 


Vx 


Fig. 68, 


and this, according to theorem 3’, implies absolute convergence of 
the integral J. 


Example 2. Let us consider the integral 
1 


1 ax 
Tm | (cos) Fe » 
0 


where « is an arbitrary positive number. When «@ is small, the 
_quantity 1 / x ?-* increases very rapidly as x > 0; and since cos 1/x 
vibrates an infinite number of times between -+ 1 and — 1 in this 
process, therefore, the integrand is strictly unbounded in the neigh- 
-bourhood of the point x = 0; the graph of this function is represen- 
ted in fig. 68. 
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The replacement of the variable 1 = 1 / » gives: 


= = [rosy dy = \ sin — sin} <2. 
Therefore the function 


] 
7) (x) => ee cos on 


satisfies the requirements of theorem 4’ in the interval (0, 1). Apply- 
ing this theorem (a = 0) we find that the integral 
1 ; 1 
x* 0 (x) dx = | 00s a =] 
x. 
0 0 


is convergent for every « > 0. 


For further exercises ¢f. Problem Book by B. P. Demidovich, 
Section IV, Nos. 102, 104, 110. 


CHAPTER AXVI 
INTEGRALS OF PARAMETRIC FUNCTIONS 


§ 109. Integrals with finite limits 


The study of quantitative relations existing in the world around 
us leads to the discovery of many new kinds of functional depen- 
dencies. It is one of the main objects of mathematical analysis to 
investigate more and more classes of functions. However, a mere 
mention of the types of functions in existence would, of course, be quite 
insufficient ; we must define such families and develop methods for 
their study, for otherwise the newly discovered functions would be 
quite useless: functions and properties of functions which we cannot 
study are useless to us. Therefore, for the study of new unknown 
functional dependencies science always tries to provide an instrument 
which enables us to deal with these functions systematically and 
develop their main properties gradually. 


Our studies so far are rich in examples illustrating these points. 
The sum of an infinite series of functions whose terms are composed 
of well-known functions (for example, power and trigonometrical) is, 
generally speaking, a new function whose properties we hardly know; 
but the series which defines it usually appears to be a strong and 
convenient tool for the study of its main outlines (for example, for its 
evaluation and definition of the results of operations performed on it). 
We are already familiar with the useful properties of infinite series 
and the close connection existing between the properties of the series 
and functions. Integral calculus provides an even more instructive 
example. We know that a whole family of primitives exists for every 
continuous function and even for simple (elementary) functions these 
primitives are usually new functions about which we know nothing 
except that they are differentiable and their derivatives are equal to 


514 
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known functions. It is therefore self-evident that finding the primi- 
tives is a useful source for the definition of new functions; however, 
this definition is by itself almost useless, for although we know about 
an “integral logarithm’”’ that its derivative is equal to 1 / Inx, this 
tells us nothing about the properties of this function and we also have 
no method for evaluation of the integral logarithm. How do we 
overcome this obstacle ? We make a superior apparatus (integral) 
which enables us to find primitives of the given functions; we give, as 
it were, constructive definition to primitives, i.e. we define the functions 
by means of an instrument which proves to be very convenient for 
studying the properties of functions (and which, in principle, enables 
us to evaluate these functions with any desired degree of accuracy) ; 
and historically too, integral calculus only became a convenient 
method for studying new classes of functional dependencies after this 
apparatus was created. 


In this chapter we shall learn a new method for defining and 
studying functions; historically it is one of the most productive 
methods, for it enables us to study in detail many functional depen- 
dencies which are of the greatest importance in theory and many 
diverse applications. 


Let the function f(x, «) continuous in the rectangle Ria <x < 4, 
a <u <%) be a function of two independent variables. Let us 
choose and fix definite value of the variable win the interval (a, 6) ; 
f(x, u) thus becomes a continuous function of one variable x in the 
interval (a, 6); the integral 


b 


| fle, u) dx 


a 


of this function depends in general on the chosen value of the variable 
uw; it has a definite value for every choice of u and usually changes 
when u changes; it is therefore a function of « defined in the interval 
(a, 8) ; let us denote it by ¢(u) so that 


o(u) = [ re, u) dx (swe 2): (1) 


The variable u on which the integrand depends but which is 
assumed to be constant during integration (having been given a 
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definite fixed value) is usually called a parameter; the value of the: 
integral depends on the chosen value of the parameter ; the integrand 
can, in some cases, evidently depend on a whole series. of parameters. 
Wy, Uo, «5 Uy; in that case the integral 


b 
oa eee ae Uy Ug, e+) Up)aX (2); 
a 


is a function of the whole set of these parameters, 
Example. We have learnt in § 66 that 


gut (y sin ux -+ ut COS vx) 


el® cos uxndx = - = + C: 
} u> - y? ’ 
we can therefore obtain 
1 
. e’(vsinu+ucosv)— u 
e"* cos urdv = ( ae = Marae 
wu" -+- u* 
) 


the integral on the left-hnad side of this equation is a function of twa 
parameters uw and v; the right-hand side gives us an elementary 
expression for this function. 


In the above example the integral depending on the parame- 
ters « and v is an elementary function of these parameters. However,, 
in most cases an integral of the type (2), even when / (x, m4, wz... , Uy) 
is an elementary function of its constituent variables, is a non-elementary- 
fuaction, for whose study we have no other means except the integral. 
(2) itself. -Hence we must study the properties of the function ? only 
with the help of (2); even this function can only be evaluated by: 
means of the integral itself. It is therefore obvious that the proper- 
ties of these integrals and the rules for analytical operations with. 
them require careful study, to which the rest of this chapter is. 
devoted. 


For the sake of simplicity we shall only consider integrals of 
the type (1) which depend on one parameter only, although our 
arguments and results can be extended without difficulties to include 
the general case of integrals of the type (2). 


Theorem 1. Jf the function f (x, u) is continuous in the rectangle 
R(agQgnxQb,a gu < BP), then the function ¢ (u), defined by the integral 
(1), is continuous in the interval (a, B). 
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Proof. If the point u and u-+ Az lie in the interval (a, 8) ; 
then 


b 
out Ay) — 2 (0) = | Ef lu t+ ae — f(x, ahd 
and therefore 


b 
|? (uu + Au) — P (u) | <[if(ut Au) — f (x, uf dx. (3) 


But it follows from theorem 3 § 88 that the function f (x,wz) is uniform- 
ly continuous in the rectangle R; therefore there exists a 5 > 0 for 
arbitrarily small <« > 0 for all points (x,, 4), (%2, %2) of this rectangle 
which are at a distance less than 8 

| f (xg. we) — f (m, m)| <<. 
Since the distance of the points (x, u) and (x, u + Ax) is equal to 
| auw|, therefore, we have for | Au| < 8 


|\f(x,u + Au) —f (x, u)| <e, 
whatever the ‘points (x, u,x,u + Au) ofthe rectangle R. Thus for 
| Auw| < 8 on account of (3) we have 
lo(ut Au) —- Plu) |< 2(b-— a) (4Kuyut+ Au <8); 
Since ¢ > 0 can be chosen as small as we please, we have therefore 
theorem } is proved. 
Having thus established continuity of the integral (1) with res- 


pect to the parameter uw we can now integrate the function ? (u) in 
the interval (a, 8) (or in any subinterval). The integral 


9 


fe (u) du = (ifs (x, u) dx du (4) 


always has a definite meaning (provided the function / (x, u) 1s conti- 
nuous in the region R). We know that for series of functions (§ 75) 
“term-by-term”’ integration is of greatimportance, 2.¢. we can inte- 
grate under the summation sign; similarly for functions of the type 
(1) it is most important to integrate with respect to u under the sign of 
integral with respect to x; the question therefore arises, whether the 
integral (4) will coincide with the integral 
p 


rf ae u) du dx, 


aL 
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which differs from it only by the order in which the integrations are 
performed. Let us note that term-by-term integrability of the series 
of functions 


in the interval (a, 6) depends on whether the equation 


cae cob 
re ae (x) bs BY fn a 


k=] k=l a 


holds, 7.e. the interchange of the order of summation with respect to k 
and integration with respect to x. Similarly the ability to integrate 
the function © (uw) with respect to w under the integral with respect to 
x is equivalent to the independence of the result of successsive inte- 
gration of the function / (x, uw) with respect to « and u from the order 
in which these operations are carried out. We will now show that 
this problem can always be solved positively for continuous functions. 


Theorem 2. Jf the function f (x, u) is continuous in the rectangle R, 


then 
fe 6B ob b 8 
Je (uw) du = [ifr uw) dn du = [i [re u) du dx 


Proof. Leta<a <6’ <bae<e’ < —’ <P and let m and 
M denote respectively the lower and upper bounds of the function 
f (x, w) in the rectangle (a’ <x <0',%’ Qu <6’). We therefore 


— 


have for «’ <u < 8’ 
bh! a 
m({b' —a)< | ro u) dx <M (b' — a’) 


and integrating from «’ to #’ 


B’ b’ 
m(b’ — a’) (pi —«w)< [4 [sr u) dx ti < 
oa” =" 


<M (b' — a’) (@’ — @’). (5) 
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Similarly we find that we also have 


b’ 8° 
m(b' — a)(B' —@’) < [} [re u) du ds < 
< M (hb — a’) (8° — «@’). (6) 


Let us now divide the interval (a, 5) into nm subintervals by 
means of the following points of division ; 


€= Xm xy Se Se Sy = OD, 
and the interval (a, 8) into m subintervals by means of the following 
points of divison : 

CSU Ue She a Sy = 
Let us denote by Aix = (xi — %j-1)(ug — Up-1) the area of the rect- 
angle x3 S* < xi, Up-y Ku Sux and by my, and Mj, respectively 


the upper and lower bounds of the function /(*, u) in this rectangle. 
Applying the inequalities (5) and (6) to this rectangle we obtairt 


Uy, x; 
Min Aig <| | I (*, u) ast du < Mix Aix, (7) 
My—-4 XG-1 


Mik Ain S — J i FT ( x, u) iu} de < My Aik (8) 
Xy-4 Mp 
(1 4 5) Lee) 


We now note that 


ref { [tone jan PEER J soma 


dt a kel up_y f=) Xy-1 


-y¥ i. fs flieu ) dxf, 


i=] k=1 tty_y Xj-5 
and similarly 


e Ure 


ra{ | ic ut dom y j | f Fs, udu | de 


a a t= L A= 1 x1 tpi 


520 A COURSE OF MATHEMATICAL ANALYSIS 


Applying the inequalties (7) and (8) respectively to all terms of the 
double sums of these equations we obtain: 


n m nN m 
a > Mir Ai; KIS yy VI Mu A ins 


(= 4=—1 i=1k=1 


n 1 


n n1 
3 y) Mir bie RIS ” Ma Aix: 


i=Lk=} i=}k=] 


Hence the integrals J and J’ whose equality we must prove are 
both confined between these two limits; the absolute value of the 
difference J~J' therefore cannot exceed the distance between these 
two limits, 2.¢. 


t m 
Im-i<yY Vita — me) ave 
i=l k=1 


-If the above divisons of the intervals (a, 5) and (a, 8) are suffi- 
ciently fine (and there is no reason why we should not make them 
as fine as possible), then uniform continuity of the function /(x, u) in 
the rectangle R implies that all the differences Mi, — mi, (1 <i <n, 
1 <k <™m) will be less than an arbitrary preassigned positive num- 
bere. Therefore 

n m 
I=’, <e WV Van = 2(b — a)(p — 2). 


i=1k=1 


Since ¢ > 0 is as small as we please and the left-hand side is indepen- 
dent of ¢, therefore J = J’ and theorem 2 is proved. 


We shall now consider differentiability of the function 9 (u) 
given by the integral (1). Just asin term-by-term differentiation of 
infinite series we are here concerned with differentiability of the 
function 9 (uz) in the interval (z, %) and possibility of expressing its 
derivative in the form 


b 
Of (x, Uy 
| au dx, 
a 


or, asit is usually said, with “‘differentiation under the sign of the 
integral’. If differentiability of the terms of the series was a neces- 
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sary condition, so now we must also assume existence and continuity 
(or at least integrability with respect to x) of the the partial derivative 
-0f / duin the rectangle R. However, this assumption is also sufficient 
-as can be seen from the following theorem. 


Theorem 3. Jf the function f(x, u) and its partial derivative 
of (x, u) | Ou are continuous in the rectangle R, then the function 9 (u), given 
by the interval (1), ts differentiable in the interval (x, 2) and 

b ~ 
o'(u) = [2 as Ce Sek 2.70), 
0 4 
ad 


Proof. Let us assume that 
b 
Of (Xx, 4 
[2 as = 2 (2) (2 <u < 6). 
0 


a 


“2 


It follows from theorem 2 that fora <uv < 


v b v 

Of (x, u 
[ sta =| [. a au} ds = 
x a ou 


b 
_ I {f(x, v) — f(x, a)}dv = ofv) — 9 (a). 


a 


The left-hand side of this inequality which is an integral of a conti- 
nuous function is integrable with respect to the upper limit v and 
its derivative is equal to g(v) (theorem 1 $ 50); therefore 9’ (v) exists 
and is equal to g(v) for every v(a <u <2). Theorem 3 is thus 
proved. 


We have assumed in all that is said above that the limits a 
and b of the integral (1) are constant. However, it often happens 
in practice that we integrate within different limits for different 
values of the parameter u so that a and 0 become functions of the 
parameter u: a =a (u), b = 5 (uw). Evidently such an integral 

b (u) 
(wu) = | f (x, u) dx, (10) 
a (u) 


like the integral (1), is a function of the parameter w. 
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We shall now consider some properties of this more general 
dependency of the integral on the parameter. We shall always 
assume in such cases that the function f(x, u) is continuous in the 
rectangle R and the functions a(u) and 6(u) are continuous in the 
interval («, 8) where 


axsatu) <8, axb(u) <b (0 <u <6). 


It can be shown that the function ¥ (u) is continuous in the interval 
(«, 8B). In fact, ifu and w+ A uw lie in this interval, then 


b(u-+ Ax) b (u} 
Uv (u+ Au) — (a) = | Six,u+ Au) dx — | fo wu) dx. 
a(u + Au) a (u) 
Since ; 
b(u+ Aun) 
| f(x,u + Au dx = 
a(ut Ax) 
a (2) b (u) 
= | f (x, u + Au) dy + | Sf (x, u + Au) dx + 
a(u-+ Aw) a (1) 
b(u-+ Au) 
=f | s (x, w+ Au) dx, 
b (u) 
therefore 


a (u) 
y (ut Au) — v (uv) = | S(x,u + Au) dx + 


a(u+t Aw) 
b(u-+ A 4) b (2) 
+ | f(x, u+ Au) dx + | [Lf (x, ut A u) —f (x, u) J dx. (11). 
b (u) a (u) 


When Au — 0, the limits of the last integral on the right-hand 
side remain constant; the argument used for deducing theorem 1 
therefore shows that it tends to zero. The absolute values of the - 
first two integrals are evidently less than 


Mi\a(ut+ Au) —atu)|, Mtb (u+ au) — b(u)| 
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(where M is the upper bound of the function | f(x, y) | in the rect- 
angle R) and it therefore follows from the assumed continuity that 
the functions a (wz) and b (uz) also tend to zero as Au — 0. 

Hence 


vi + Au) —UY(u->O0 (Au>O0) («a cu <6), 


and thus the function  (u) is continuous in the interval («, 6) ; the 
following generalisation of theorem { therefore holds : 


Theorem 4. Jf the function f (x, u) is continuous in the rectangle R- 
and the functions a (u) and b (u) are continuous in the interval (%, B), where 


a<a(u) <4, axb(u) <b (0 <u < 8B), 


then the function U(u), given by the integral (10), is continuous in the 
interval (¢., 8). 


We will now assume that the functions @ (i) and 6 (u) are not 
only continuous but also differentiable in the interval (#, 8) and 
the function f (x. u) has a continuous partial derivative of / du inthe 
rectangle R; we will show that the function ¥ (uz) is in this case. 
differentiable in the interval (a, 6) and y‘(u) can be expressed by a 
simple formula which is the direct generalisation of formula (9). 


We have : 
b(u + Lu) b (u) 
yu + Au —Yy (4) = | T(x, w+ Au) dx — | f (x, u) dx = 
alut+ A u) a (u) 
b (u) b (u) 
=: | T(x, ut Aw) dx -| F(x, uy dx ae 
a (u) a (u) 
5 (u+ Au) a(u+ Au) 
+{ T(x, ut+ Au) dx — | flea + Au) dx. (12). 
b (u) a (u) 


We will consider u as constant and assume that 
b (u) 
oe | flodx («<0 <8). 
a (u) 
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According to theorem 3 the function ¢ (v) is differentiable in the 
interval («, 8) and 


b (u) 
| OF (x, o’(u) = lim p(u + Aw) — 9 (wu) _ 
Ou Au >Oo Au 
a (u) 
b (u) b (u) 
= tim Lf frtsut ada — [sony af. 03) 
eae a@) 


This shows that the first term on the right-hand side of the equations 
(12) if divided by Au tends to the following integral as its limit for 
Au— 0: 


b (u) 
[2Le2. Ae 
Ou 
a (u) 


Let us now consider the second term. According to the mean-value 
theorem 


b(u+t A uy 
| F(x, u + Au) dx = f(é,u+ au) [b(u + Au) — 5 (u)], 
b (u) 


where & is confined between b (u) and b (u + Au). Therefore 


b(ut+t A uw) 
| ? b — 5 
re | F(x, u+ Au) dx = f(E,u + Au) ee a ow ; 
b (u) 


When Au -— 0, the second factor on the right-hand side tends to 
b’ (u). However, in the first factor u + Au—u,&— b (u) and it 
therefore follows from continuity of the function f (x, u) that 


F(é,u + Au) > f [d (uv), u). 
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Therefore 
buw+ A x) 
lim — | f(x, u + Au) dx = f [db (u), ul b’(u). (14) 
Au oA u Bu) 


We have similarly 
a(u+ Aun) 


f(x, u + Au) dx = ffa (u), uj a’(u). (15) 
a (u) 


lim 
Au>0 4U 


Finally taking into consideration the results (13), (14), (15) we 
obtain from the equation (12) : 


viet Au) —y (2) 


lim 
Au->0O Al 
b (u) 
-| BLO) be + (us Wd 6") — F [a (w), i] au). 
a (u) 


We have thus proved differentiability of the function  (u) at 
the point u and found an expression for the derivative \’ (vu). The 
result can be expressed by the following proposition. 


Theorem 5. Jf the function f(x, u) ts continuous in the rectangle R 
and if tt has a continuous partial derivative with respect io u and the functions 
a(u) and b(u) are differentiable in the interval (a, 2) and 


a<a(u) <b, ax<b(u) <b (a <u <f), 


then the function \(u), given by the integral (10), is differentiable in the 
interval (a, ) and 
b({u) 
w (4) = | Sm dx + f[b(u), u] 6’ (u) — flaw), uJ a’(u). (16) 
. a(u) 
" In particular, if a(u) and 6(u) are constant in the interval (a, B), 


we have a’(u) = b'(u) = O and formula (16) becomes formula (9) of 
theorem 3. 


For exercises, cf. Problem Book by B.P. Demidovich, Section. 
VII, Nos. 17, 18, 23. 
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§ 110. Integrals with infinite limits 


In the last paragraph we have considered integrals with finite 
limits which depended on parameters and shown the analogy 
between problems and arguments in this field and corresponding 
problems in the theory of infinite series. However, this analogy only 
becomes fully apparent by studying integrals with infinite limits 
which depend on parameters, z.e. by studying integrals of the type 


| f(x, u) dx (1) 


(as in chapter 25, we shall restrict ourselves to: the consideration of 
integrals with infinite upper limits; it is needless tu say that all pro- 
perties of these integrals can be symmetrically extended to integrals 
with infinite fower limits and, subsequently, to integrals with both 
limits infinite}. As we shall see, the theory of these integrals serves 
as the basis for the deduction of many important classical analytical 
formulae which we shall study in this paragraph. 


Let us assume that the integral (1) is convergent for all values 
of the parameter u in the interval « <u <8. It is therefore a func- 
tion of the parameter u defined in the interval («, (8): 


[ s6, u) dx = ? (u). (2) 


We know from the theory of series of functions (chapter 19) 
that the concept to uniform convergence is of fundamental importance 
for these series; for integrals of the type (1) the analogous concept is 
equally important. If the integral (1) is convergent at any arbitrary 
point w in the interval (#, 8), then for every « > 0 and for every 
point wu in («, 8) a number A, can be found (which depends on ¢ and 
u) such that for every A > Ay 


; | £6, u) dx: <e. (3) 
A | 


For a given ¢ the number «dy will, in general, be different for different 
values of u. Lf for every ¢ > O there exists an Ay such that for A > A, the 
anequaltty (3) holds for every u(a <u <8), we say that the integral (1) is 
uniformly convergent in (a, B). 


INTEGRALS OF PARAMETRIC FUNCTIONS 527 


Example. Let us consider the integral 


sin * 
CO San 
x 


l(a) = 


Cu, 3 


where « > 0. We have seen at the end of § 66 that 


akein hy dy — & (asin bx— 6 cos dx) , 
i et sin bxdx = -—- OB aC. 


where a and # are arbitrary constants. In particular, 


. — pan si os x) 
| e—* sin x dx = SEE | Ca ale) $C, 


where the function ®,(*) evidently remains bounded for x > 0, 


a > 0: 
| Dd. (x) | << B (x >0,« > 0), 


where B is a constant. Integrating by parts we therefore obtain for 
a>0Q:* 


| [oe] oa = : : 
| en~e 2 sin . x“ leat (x) [+ +f dx |< 
a a 


<M 


Dy ( 
x ( el 5 = “ 


V8 


‘Since the right-hand side is independent of « and tends to zero as 
a—> oO, therefore the integral /(«) is uniformly convergent with 
respect to the parameter @ in the semi-straight line « > 0. 


For this class of integrals the concept of uniform convergence is 
just as important as for series of functions. We shall soon confirm 
this by a series of propositions each of which corresponds to an 
analogous theorem in chapter 19. 


*) Totmula’ for integration by parts can be applied to integrals with infinite 
limits only when both constituent integrals are convergent (in such cases the term 
free of integrals must tend to a definite limit when the independent variable 
increases indefinitely). This can be shown directly by writing the formula for a 
finite interval of integration (a, 5) and assuming subsequently that 6 increases 
indefinitely. 
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We shall at first consider a simple and convenient test for 


convergence which is analogous to theorem 2 § 73: 


Test for uniform convergence. Jf a continuous function F(x) 
exists such that | f (x, u)| < F(x) for all sufficiently large values of u in the- 
interval (a, B) and if the integral 


fe] 


| F(x) dx 


a 


ts convergent, then the integral (2) is uniformly conversent in the interval’ 
(«, 8). 


The proof is analogous to that of theorem 2 § 73 and based om 
the inequalities 


B B 
{ S (x, u) dx | <| | f(x, u) [dv < | F(x) dx, 
4 A 


which hold for a sufficiently large A and B > J. 


In the same way as uniform convergence of a series of conti-- 
nuous functions guarantees continuity of its sum (theorem l| § 74), so 
uniform convergence of the integral (2) (when the function f(*, w) is 
continuous) implies continuity of the function of the parameter u 
which it expresses. 


Theorem 1. If the function f (x,u) is continuous fora<«, «<u <B,. 
and the integral (2) ts uniformly convergent in the interval (a, B), then the 
function o(u) is continuous in that interval. 


The proof is analogous to that of theorem 1§ 74. Lete > 0: 
be as small as we please; let us close Ay so large that A, > a and 
f(x, 2) dv | ay (a <u < 8B). (4)) 


Since, according to theorem | § 109, the integral 


Ag 
[ re u) dx 


INTEGRALS OF PARAMETRIC FUNCTIONS 529 


is a continuous function of wu in the interval («, 8) therefore for a 
sufficiently small | Ax | 


Ao 49 
i St (x, u+ Au) dx — | £6, W) Ot 3 , (5) 


But 
Ag A 6 


o(u + Au) — p(u) =} | 46, u+ Au) dx — ae u) dx t+ 


+ | pace ut. Au) dx — eaGe ut) dx, 
0 Ag 


it therefore follows from (4) and (5) that when] Az | is sufficiently 
small 


ve tg 
lou An) —a(u)| < [ feos wt ands [Sle wee . 


+ | fe w+ Au)dx | + | | u)dax ' <p ty +g =. 
Ag Ag ‘ 


Theorem | is thus proved. 


Uniform convergence of the integral (2) which is a sufficicnt 
condition for continuity of the function 9(u) is not, howcvcr, the 
necessary condition for this purpose; the position is just as with series. 
There is one important particular case, however, when it 1s also the 
necessary condition; we have the following proposition which is ana- 
logous to theorem 2 § 74. 


Theorem 2. Jf f(x, u) ts continuous and has a constant sign in the 
vegionx > a,“x <u < ®, then continuity of the function ¥ (u) in the interval 
(a, B) implies uniform convergence of the integral (2). 


Proof. Let us assume, say, that f(x, u) > 0 (vw Daw <x <8). 
Let uw, be an arbitrary point in the interval («, 8). ‘Since the integral 
(2) is convergent at the point wo, therefore for arbitrarily small <> 0 
a number A, exists such that 
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ac Ug)dx <€; (6) 
Ag 


where the number Ay depends on the chosen point w; but since, 
according to our assumptions, the function ? (uz) is continuous in the 
interval (x, 8) and it also follows from theorem | § 109 that the func- 


Ao 
tion ie uw) dx is continuous in that same interval, therefore the 


a 


function 


oo Ag 
|r: ujdx = o(u) — [so u dx 
Ag a 


is also continuous in (a, 8); hence the inequality (6) which is satisfied 
at the point 7 must also be satisfied in a neighbourhood of that point. 
Therefore every point in the interval («, 3) also lies in an interval 
all points of which satisfy the inequality (6). The set of all subinter- 
vals constructed for all the points wy in the intervals (a, 8) covers 
entirely the interval («, 8). In accordance with the lemma on finite 
coverage a finite group 6), 5,,...,6, of subintervals of this system 
exists which also covcrs the entire interval (a, 8). Each subinterval 
8; (1 <i <n) corresponds to a number A; so that 


ic uldy <e 
A; 


for all the points win the subinterval 6;. Let A be the greatest of 
the numbers 4,, Ao, --, An; it then follows from the condition 
fix, u) > OW Saequ <8) that: 


| fo, ubdxy <e 
A 


for all the points w in any one of the subintervals § ; and, consequently, 
also for all points win the interval («, 8) since this interval is covered 
by the system of subintervals 5,,8.,...,5,. And since « > 0 is 
arbitrarily small therefore the integral 
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[ T(x, 4) dx 


is uniformly convergent in the interval («, 8). Theorem 2 is thus 
proved. 


Moreover, just as for the term-by-term integration of uniformly 
convergent series of functions the following proposition holds : 


Theorem 3. Under the conditions stated in theorem 1 we haze 


3 o £8 
| o(u)du = | | ft 1) dus bas, 


In other words, under the given conditions an interchange of 
integration with respect to x and wu is permissible: 


@ 


(| ie u) dx du = | Fs wu) du dx, 


a 


i.e. in the case of uniform convergence theorem 2 $ 109 can be 
extended to include the case 6 = + ©. 


Froof. Let the number Ay > a be so great that for A > A, 


| SQ. wde <s os GB), (7) 
A 
We have: 
6 Bd § 
[ewau= [4 | so u) dx bu + | | | J (x, u) dx du 
ro o a ao A 


But it follows from theorem 2 § 109 


6 A : de ok 
[if 46 nes ta =|] J (x, 1) da tas, 


and as a result of the evaluation (7) the above equation gives: 


y 


6 Af | 
[| ewaw — |} Ts, udu fds) <e(@ — a) 


A a a 
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provided only A > Ay; but this means that the integral 


is convergent and equal to { ew du. ‘Theorem 3 is thus proved. 


of 


In the above two integrations whose order can, in accordance 
with theorem 3, be reversed, we have only one infinite limit whereas 
the other limit is finite. In practice the following much more compli- 
cated case is of greater interest, 7.e. when the limits of both integrals 
are infinite. A typical example of this type is held in the question, 
under which conditions we have 


co [ee] 


fi f Sf (x, u) du as = | | Sf (x, 4) ax { Ai. (8) 


a a 


In this book we cannot consider this problem thoroughly. We shall 
restrict ourselves to the investigation of a particular case which will 
be found useful later and whose conditions are suitable for deducing 
tests which would make the transposition (8) possible ; we shall assume 
that the function f(x, u) has a constant sign in the whole region x > a, 
u >; we shall assume, say, that it is non-negative. In that case 
the following theorem holds: 


Theorem 4. Jf the function f(x, u) > O%s continuous in the region 
x > a,u >« and tf the functions * 


9 (u) = [ys dx, (x) = [te (9) 


A 


are respectively continuous for u > «and x > a and out of the integrals 


ce 


| bear, . [eee 


a 


at least one ts convergent, then the other ts also convergent and the two mntegrals 
are equal to one another t.¢. the equation (8) holds. 


*) Here and in future we shall write f instead cf f(x, y) to simplify notation. 
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Proof. Let us note that as a result of theorem 2, the assumed 
continuity of the functions ¢ (u) and (x) implies uniform convergence 
of both the integrals (9)—the first is uniformly convergent in the arbi- 
trary finite interval « < u <6 and the second in the arbitrary interval 
a<xx <b. Let us assume that the following integral is convergent 


fos] 


[s (x)dx = I; 


a 

we must therefore prove that the integral 
8 
[ ¢wdu 


a 


tends to J as 8 —> 9, or, as a result of theorem 3 


Fema { [ra bam ff pou} a 
so that _ 
ra (§ pau dent (10) 


Let « bean arbitrary positive number. The assumed conver- 
gence of the integral 


wv (x) dx 


Cm, § 


implies existence of a number b > a so that 


[oorae ff [ra ax <e, 
b b «4 


and, therefore, as a result of f(x, u) > 0 we also have for every B> a 


frau fds <e: (11) 
B 
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Let us now choose the number § so large that 


[oe] 


[sau < 
B 


oF 


(a<x <b) 


b—a 


(we can do this, since the second of the integrals (9) is convergent in 
the interval (a <x < 6)). In this case 


{fra bar <e (12) 
a 8B 


Adding the inequalities (11) and (12) we have: 


Af raid ae < 2s 
a 8 


or, which is the same 


1— fff pau} ae <2 


re 4 


provided § is sufficiently large. Since cis arbitrary, this proves the 
relation (10) and therefore also theorem 4. 


Let us finally consider differentiability of the function 9 (u), 
given by the integral (2), under the sign of the integral, z.e. under 
what conditions is the function ¢@ (u) differentiable and 


w= (PLE) ae @<u<p. (13) 
a 
The following proposition holds here, which is analogous to the 


corresponding theorem on term-by-term differentiation of series of 
functions (theorem 3 § 75): 


Theorem. 5. Jf in the regionx > a,agQu < B the function f (x, u) 
is continuous and has a continuous partial derivative 0 f (x, u) | Ou and if 
the integral © 


(42 i (14) 
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ws untformly convergent in the interval (a, B), then the function © (u), given by 
the integral (2), ts differentiable in that interval and the relation (13) holds. 


Let us assume that for every natural number n > a 


ane) = | fa) a, 


so that we have for n > oo: 
On(u) —> o(u) (a <u <8). 


According to theorem 3 § 109 the function 9, (w) is differentiable in 
the interval («, 8) and 


uniform convergence of the integral (14) in the interval («, 3) there- 
fore shows that we have uniformly in that interval 
co 

Of (x, u) 


on (u) > 
ta (u) Ou 


dx (n > 00). 


a 


It follows from theorem 3 § 75 that the derivative 0’ (wz) exists in the 


interval (a, 8) and coincides with the integral (14), which was to be 
shown. 


Note, Out of all generalised integrals which depend on parame- 
ters we have only considered integrals with infinite limits. However, 
all that we have proved above also holds and is proved by exactly 
the same methods for the second type of generalised integrals, 2.e. for 
integrals of unbounded functions; within the scope of this book we 
are not even able to state the corresponding theorems; however, 
there is hardly any need since the analogy is so close that every argu- 
ment can almost automatically be extended from one case to the 
other. The reader should find it very useful to define by himself all 
concepts and statements and give detailed proofs of all theorems for 
integrals of unbounded functions given in this paragraph. 


§ 111. Examples 


In §§ 109 and 110 we have dealt with the theory of integrals 
which depend on parameters and find many applicationsin analysis. 
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In the next two paragraphs we shall consider several examples of 
these applications. It frequently happens that we are given an inte- 
gral which does not contain parameters but in order to evaluate it is 
usually simplest to consider this integral in conjunction with other 
integrals which depend on parameters and use the properties of the 
latter to evaluate the former. We shall consider several examples of 
this kind in this paragraph. 


Example 1. Evaluate 


it 


] = |- ee cosidt. * 
0 


t 


Let us consider the more general integral 


1 — en 
rym fT cos ea 
0 
where A is an arbitrary non-negative number so that 


i= T1(1); 


we shall show that the integral / (A) is uniformly convergent with 
respect to A in the interval O <A <1. The integration in any 
finite interval (0, a), for example in the interval (0, 1) causes no diffi- 
culties since as a result of O << 1 — e-* < AZ, the integrand remains 
uniformly bounded fori> Oif0 <A < 1. 


We must therefore prove that the integral 


is uniformly convergent with respect to A in the intervalO <A <1. 
But this follows directly from the fact that 1) the integral 


cos ft 
for dt 
t 
l 


is convergent (§ 107) and is independent of A and 2) the integral 


os f 
[en lat 
t 
L 
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is uniformly convergent on the semi-axis A > 0; the latter is similarly 
proved for the example of the integral considered in § 110 


few ha (A > 0). 
0 


Hence the integral J (A) is uniformly convergent in the interval 
0 <A <1 and is therefore a continuous function of A in that interval. 
In particular, when A > 0 


I(x) +> I (0) = 0, 
we shall find this useful later. 


Let us denote by f (é, A) the integrand of the integral J (A). 
Since 


SAGAR) e~* cos f, 
OA 
therefore the integral 
af (t, A) 
ay dt 
0 


is uniformly convergent in the interval A / 2, 2A) for every A > 0; 
therefore J’ (A) exists for every A > 0 and 


(A) = [ae cos ¢ dt (A > 0) 
0 


as a result of theorem 5§ 110. But we know that the function 
et cos é (§ 66) has a primitive 


e™ (sin ¢ — A cos é) 
1+ 2 


which tends to zero as ¢-—» co. Therefore for every A > 0 


riny  @ 8 (sin ft — Acost)@  A__ 
BOS em ieeeegar le hoe 
and, consequently, since J (0) = 0 
A A 


ra) =1A)—1(0) = | Graces Fea Peay. 
0 0 
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hence also 
T=J() =4/]n2. 
Example 2. In § 107 we have proved convergence of the inte- 


gral 


co 


sin * 
= (= ie 
x 
0 


we shall now try to evaluate it. 


The integral considered in § 110 


co 


Si 


I(a) = | ener dx (a >0) 
0 
becomes J when « = (; we have seen in § 110 that the integral J («) 
is uniformly convergent on the whole semi-straight line « > 0; it 
follows from theorem 1 § 110 that the function J («) is therefore con- 
tinuous for « > 0; in particular, 
I=1(0)= lim I (a). 
a—>+0 

On the other hand, differentiation of the integral J («) with respect 
to « under the sign of the integral gives us the integral 


fee) 
= | e~** sin x dx, 


which, as can readily be seen, is uniformly convergent for « > < and 
for arbitrarily small¢ > 0 as a result of the test in § 110 (since 


|e-%* sin x| <e-e*). It therefore follows from theorem 5 § 110 that 
I’ (a) exists for a > O and 


1 
[’ =_- — —OE oly 4 ns 
(x) | € sin x dx 1+ o2 
0 
(the last equation is established directly, since the primitive Mg (x) is 


known (cf. § 110). Taking into account that J («) ~ 0 as «— 
this gives on integration: *) 


. sin x 
*) Since ues 


[2) 
<1, therefore {J (a) | < j= dx = — ; 
0 
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ie 
— Ha) = — |; te = — “> 7 arctan a, 
a 


hence 


sin x = 
[ee dx ar 


and our problem is solved. 
Moreover, noting that integration by parts gives for a > 0 


a a 


sin x 1 — cosx:* 1 — cosx 
[= dx = 7 ie it | a te dx 
and that 
lim L=cos* _ 4 


= bl 


x—0 Xv 


we obtain in the limit for a > o 


Sy ) 


Dees 
| eos x Fi 
x 
0 


The latter is a very important formula of integral calculus; in con- 
trast to the preceding integral this integral is evidently absolutely con- 
vergent. 


Let us make one more remark. If « > 0, the change of the 
variable z = x | « gives: 


R 
0 
if a < 0 the replacement z = — x/ «gives: 
foe] foo] 
[S22 a= — fens Fi ie 
z : 2 
C 0 
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hence the integral 
sin “Z 
10) = fo a 
0 
which converges for all values of « is a discontinuous function of «: 


—_ 
de 


+ 9) (x > 0), 


wT 
2 (% < 0), 
0 (a = 0). 


Example 3. Let us now evaljuate the integral 


a | hae be 
0 


which plays an important part in many applications of integral 
calculus (for example in the theory of probability and mathematical 


statistics). The replacement of the variable x = ut (where u > O is 


a constant) gives: 


co 
l= | wen ai Gr 05, 
0 


Let us assume that for vu > 0,<¢ > 0 


f (u, t) = new"? A482), 


newt? d¢ = Je-¥?, (1) 


Q (vu) = ac t) dt = e-« 
0 


ae eee Coe 
te (2) [se t)\du= mutA emu 


e (1 + 2?) 


The function ¢ (uz) is continuous in the interval (¢, oc) and the func: 
tion te (¢) in the interval (0, 00). The integral 


| @ (u) du = al et? du, 
= € 
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is evidently convergent. It therefore follows from theorem 4 § 110 


1 Cy, 8 


ae ee | be (t) db. (3) 
0 


Let us take the limit of this equation fors > 0, Asa result of (1) 
the left-hand side is equal to 


..d it tends to J? ase-+0. In order to find the limit of the right- 
hand side we note that ¢ > 0 for « > 0 and, from (2), 


since the integral 


is convergent, therefore, on the basis of the test in § 110, the integral 
on the right-hand side of the equation (3) is uniformly convergent in 
the region « > 0 and is therefore a continuous function of « in that 
region; in particular, its limit for « —> 0 is equal to its value at «= 0, 
2.€, it is equal to 


(oe) 


es — = 4 arctan ree 
2(b + 2) io 4° 
0 


role 


We therefore obtain: 


ee 
Pas, 


and our problem is solved. 


§ 112. Euler’s integrals 


Euler’s integrals are integrals 
1 
B(p, @) = | #4 — ae tds 
U 
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(integral of the first type) and 


Ls) [x e* dx 
0 


(integral of the second type) *). The first integral is a function of 
two parameters fand q and the second a function of one parameter 5s. 
Both integrals define important non-elementary funtions which are 
important in various applications. Their properties were therefore 
studied extensively; detailed tables were also composed for them. 
In this paragraph we shall study some of the simple properties of 
these functions. 


1. Naturally both integrals only define the corrosponding 
functions for those values of the parameters for which they are conver- 
gent. We must therefore begin by finding the regions of convergence 
for these integrals (i ¢. the sets of values of the parameters for which 
they are convergent). In the integral B(/, g) the integrand is conti- 
. nuous in the whole interval of integration when p > 1, gq > | and 
there is no doubt as to the existence of the integral. But, when p < 1, 
the integrand evidently becomes unbounded in the neighbourhood 
of the point x = 0; when g < 1, the same takes place in the neigh- 
bourhood of the point x = ]. When < 1, we have (1 — x)?! ] 
as x — OQ irrespective of g and therefore 


ee LR) et a gt (x —> 0). 


It follows from theorem 3’ § 108 that the integral B(p, g) will 
be divergent for p <0 (p —1 < —1); if, however, p > 0 (p—1>—1), 
then the behaviour of the integrand in the neighbourhood of the 
point x = 0 does not prevent the convergence of the integral. 
Similarly the behaviour of the integrand in the neighbourhood of 
the point x = | does not prevent convergence of the integral for g > 0, 
for this integral will only be divergent for g <0. We can therefore 
conclude that in order that the integral B( p, q) should be convergent it is 
necessary and sufficient that p > 0, gq > O and we shall assume this to be 
so in future. As we know from $ 107, the infinite interval of integ- 
ration in the integral [(s) does not prevent convergence of the 
intcgral for any s. Butifs < 1, the integrand is not bounded in the 
neighbourhood of the point x = Q; since for x + 0 


asa e7u aes x1, 


*) BC p,q) and I'(s) are read as follows : “beta of p and g” and “gamma of s”, 
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therefore we can conclude that in order that the integral I'(s) should be 
convergent it 1s necessary and sufficient that s > 0. 


2. Let us now show that the function B(, g) is continuous at 
every point of the region of convergence of the uae ze. for every 
value of p > 0,¢ > 0. This follows from the fact that for all arbi- 
trary positive numbers fo, ¢o the integral B(p, q) will converge 
unifurmly in the region p > fo, q > qo. In fact, if p > fo, GO, 
we have in the interval (0, 1) irrespective of x 


xP CL — x) <x Pom (1 — x) 297}, 
and therefore for every « > 0 


€ 


[= M(J—a) et wf ve ao" (L—x)t0* dx (P> fo, 92%); 
0 


and we also have a similar inequality for the interval of integration 
(1 — ¢, 1) which proves uniform convergence of the integral B(p, q) 
in the region fp > fo, g > Go (cf. § 110 test for uniform convergence 
and final note). 


Uniform convergence of the integral I'(s) is proved in exactly 
the same way in the region 59 < 5 < Sg, where 59 and Sg(sy < Sg) 
are arbitrary positive numbers (for this integral the region of uniform 
convergence must be bounded from above unlike that for the integral 
B(p, q), since it can readily be shown that if we have an infinite 
limit, convergence is non-uniform in the whole region s >5,). The 
function T (s) is therefore continuous for every s > 0. 


3. When s > 0, integration by parts gives us: 


Pis+i)= [ wetde=—aree pr os Ses | rhe dyes Ts), 
0 


since x*e7” vanishes at x = O and tends to zero as x —> oc. Hence 
I(s + 1) =sT(s) (s > 0). (1) 


Using the same relation again we obtain for every natural number n 
and for every s > n — | 


Peat She Waar rGSreis: 0) 
In particular, when s = n 


T(n+ 1) =n(n—1?)...2.1.T (1) 
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But 
PA) = | eax == ly 
0 


and we obtain for integral values of n > 1 


Tin + 1) =n! 


The importance of this remarkable formula is mainly due to 
the fact that it gives a simple analytical formula fer the expression n!: 


ni = | wreede iy STD ees) s (3) 
0 


which also hold when n = 0 if we assume as is usually done that 
QO!= 1. But, in contrast to the expression for z!, the integral on the 
right-hand side of the equation (3) holds not only for integral values 
of n but for every n > —1; it is therefore useful to apply formula (3) 
for evaluating the expression for x! when the values of 2 > — 1 are 
fractional; as a result we obtain an analytical expression for n! in the 
form of a continuous function of nm which retains its usual value for 
integral values of n > 0. 


If s > O is not an integer, then an integer n > 0 can be found 
such that n < s < n+ 1; according to formula (2) we have 


P(s) = (s — 1)(s — 2)... (s — n)I(s — n) 3° 


since 0 << s —n <1, therefore, this formula replaces the study of 
the function I(s) in the interval (n, + 1) by the study of its be- 
haviour in the interval (0, 1); and since n > 0 is an arbitrary integer, 
therefore, by knowing the course of the function J'(s) in the 
interval O <s < 1 wecan evaluate it by means of simple elementary 
methods and cetermine its properties in the whole region s > 0. 
All this follows directly from the fundamental “‘functiona! equation” 
(1) which the function I(s) satisfies. 


4. Formulae for lowering the argument, analogous to formula 
(1), can be deduced for the function B(p, g). Let p > 0,¢ > 0. 
Integration by parts give: 
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I 
Bip +1,g+1)= | x7 = pei 


0 
1 I 1 
a Pt | 
= Oty es 
0) 
and since we have identically 
xPrh = xP — xP (L — x), 
therefore 
and consequently 
: te l, 3 
a ae ae PP ded) 


an analogous formula which lowers the first argument evidently also 


holds: 


el 


B(p, q =i 1). 
By applying this last formula to the right-hand side of the 
previous formula we obtain the symmetrical formula: 
bq ~ 13 
B J, eee Se , 0,g>0). (3 
Cael) ag yee, AP Oe Ue) 
5. We shall now establish the remarkable connection between 
the functions B(p, g) and I (s). Replacing the variable of integra- 
tion in the integral B (f, ¢) 


xn = 
la” 
we obtain 
fs 9 yess Oa 9 dx= — dz 99 ane ace 
l+<z (1+)? x 


and we readily find: 


Bip, a) = 


-1 
= gue (4) 
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On the other hand, the transformation of the variable «= z/«; 
where « > 0 is constant, gives us for s > 0. 


[on een dx —e S| zs] em _ti OF (5) 
as os 
0 0 
therefore for z > 0, p > 0, ¢g > 0 
Pus en T(p + q) 
| yPta-} e-ullt2) dy == ce Zerg (6) 
0 


Formulae (4) and (6) give: 


wo ae 4 
Pip+9 Beg) =| Tota) d ne 
0 


! 
Sey a 
Fe ain 
#3 

iu 
ee 8 


c 


as | | zr} yPta-l e~ull+z) du dz. (7) 
0 0 


» 


Let us at first assumethat p> land g>1; then it can be readily shown 
that the order of integration on the right-hand side of this formula 
can be changed; we shall show in this connection that all assumptions 
made in theorem 4 § 110 also hold here. In fact, denoting the 
integrand by f(z, u) we can readily see that this function is conti- 
nuous and non-negative in the region of integration. Moreover, the 


function 
. 1 
| Paes u) du = za} | yttanl pute) dy — T (p+ a zee 
0 0 


(ef. (6)) is continuous for 0 < z< + @ and the function 


ut 


Pace u) dz = gu yet | goo ens dz = eu yria-i r (q) _ 
0 


COU, 8 


= T (q) u?-! e- (8) 


OQ 
ar 
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(we have used formula (5) for integration) is continuous for 
O<u< +o. In accordance with theorem 4 § 110 it therefore 
follows that existence of the integral on the right-hand side of (7) 
implies convergence of the integral 


Mieprac: 
0 0 


and that these two integrals are equal] to one another so that, accord- 
ing to formula (8) 


P(p-+9) Bip, a) = |} 
O 


=| P(g) wt e-¥ du = I (p) L(q). 
0 


Therefore for all values of p > 1, ¢ > 1 we have: 


L (p) L(g) 
B ? aes ae 9) 
hg = 7 (p +49) ©. 
Let us now assume that and g are two,arbitrary positive 
numbers. It therefore follows from the above proof that we have 
(sincep+1>1,¢+1> 1); 


Pip+ VP +) 
Boot+la+)= gaa ey 


Expressing all values of the functions B and I by means of the 
formulae (I) and (3’) we obtain formula (9) after making obvious 
reductions; hence formula (9) is proved for all values of p > 0, g> 0. 


This most important relation thus enables us to replace the 
study of the function B(p, q) by the study of the function f (s) and 
+m some cases, conversely, to elucidate the properties of the function 
I (s) from the corresponding properties of the function B (f, 4). 


In particular, when p and g are natural numbers, it follows 
from formula (9) that 


pe ig = )t 


( 
Bo" g= My 
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Example 1. In many applications it is useful to evaluate the 
formula é 


+) — ? a e~” dx, 


The replacement of the variable of integration « = u? gives: 


r(4)=2{e du=iffn (10) 
0 


(cf. example 3 § I11). 


© 


Example 2. The theory of Euler’s integrals enables us to 
evaluate integrals of the following type which occur frequently in 
applications: 


Ann = 


sin” x cos™ x dx, 


Cees pol al 


where 2 and m are non-negative integers. The replacement of the 
variable sin? + = u gives: 


ras r(") 


2 (ee a my 1) 


In this expression all arguments of the function I are either integers 
or halves of integers. Hence by using formula (10)all the three values 
of this function can be evaluated in every case. 


§ £13. Stirling’s formula 


n § 112 we have obtained the formula 


nis [= e* dx (1) 
0 


6 


INTEGRALS OF PARAMETRIC FUNCTIONS 549 


which, when n > 0 is an integer, gives a simple analytical expression 
for n! and defines the function n! for other values ofm > — 1. The 
factorials of large numbers frequently play an important part both in 
theoretical considerations and in practical calculations; and since, by 
definition, the factorial of a largenumber has a complicated stricture 
which is inconvenient for evaluations whose accuracy cannot be deter- 
mined directly, therefore for Jarge values of n it is convenient to have 
a simple readily accessible analytical expression for n!. Formula (1) 
does not by itself provide this expression, since it is not sufficiently 
clear for direct evaluations. However, by taking formula (1) as a 
basis we can deduce an approximate formula for n! which satisfies all 
these requirements. This paragraph is devoted to this deduction 
which is very instructive; the method for the evaluation of the 
integral (1) which lies at its basis is frequently also used in other 
analytical problems. 


For greater clarity we shall divide the deduction into several 
stages. 


1. We shall at first convert the integral (1) into a more con- 
venient form by replacing the variable of integration 


x=n(l1 +2), dx = ndz, a 


which gives : 


nis on { (1 + ze a2 
—1 


we shall assume in all what follows that : 


(1 + z)e*% = 9 (2), 


so that 


nia amton [C9 (eo }* de (2) 
—|] 


2. In order to study the behaviour of the integrand we must 
now study the elementary function 7 (z) in detail. Since 


9’ (z) = — ze, 
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therefore the function (z) increases for z < 0 and decreases for 


~ 


< > 0; it has its maximum equal to unity at the point 


7 = 0; 


e (— 1) = 0 and when z > 0, the function ¢ (z) is positive and 
monotonically tends to zero as z > oo ; the graph of this function is 


schematically represented in fig. 69. 


Fig. 69 


W e have further 


4 
SSE), Prey 
fa~2 


P In ¢ (z) = In(] + z) — z. 


According to Taylor’s formula 


o2 
In(L +2) = z— > + a2}, 


where « depends on z and _ it tends to a definite limit for z > 0 and 


is therefore bounded. Hence 


Zz 
In o(z) = —- = 

and consequently 
nz 

iL} In Oot) => — 
(2) =-% 
and therefore 

n=- 


fe(2) stare: 2 


+ az, 


Pa 
7 One” 


anz® 
ew". 


(3) 


Let us note that the infinitely small quantity e’ — 1 is equivalent to 
t for t— 02.e. the ratio (e* — 1)/t tends to unity as ¢ > 0 so that 


e*’ = 1+ Bt, 


where 8 remains bounded for ¢-> 0. Therefore if nm and z change 


such that nz? — 0, then 


pune — l — Banz 3 => 1 -|- Ynz*, 
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where Y is bounded for nz* > 0; hence the equation (3) gives us for 
3 ; , 
nz?>—>OQ: 


2 
nz 


{e(z)}™ se * {1 + Ynz4}, 
where Y is bounded. This equation gives us the required evaluation 
for the integrand in the integral (2). 


3. Let us now make a plan for further evaluation of the integral 


ise] 


in) = [£9 @ rae (4) 
4 

Since the function 9 (z) is equal to unity at z = 0 and it is confined 
between 0 and | at all other points of the interval of integration (cf. 
Fig. 69), therefore, for large values of n the integrand is negligibly 
small everywhere except in a short interval which surrounds the point 
z = 0; the region in which the integrand has somewhat greater 
values will be the smaller, the larger nis. This naturally leads us to 
believe that we should exclude from the interval of integration a 
short interval (— A, A) surrounding the point z = 0; this must be 
done enough accurately taking into consideration the smallness of the 
values of z involved in the integration; we must evaluate the integral 
along that interval and subsequently show, by using rougher approxi- 
mations, that the integrals along other interval of the general interval 
of integration are negligibly small in comparison to the calculated 
value along the interval (— A, A). Itis obvious that the number A 
must, in this case, depend on v and tend to zero for n > oo. 


This is the method which we shall use. Let 6 denote an arbi- 
‘rary Ccustant confined between 1/3 and 1/2 (for example @ = 2/5 or 
6 = 5/12). We find the calculation that a convenient value for A is 


A=n 


We shall use this value in further arguments. We thus divide the 
interval of integration (— 1, + 00) into three parts: (— 1, —A), 
(—A. A) and (A, + @) ; the integral (4) is correspondingly broken up 
into three terms each of which will be evaluated separately. 


4. Let us begin with the most important integral 


A 
Lc 


Ty (x) = | {9 @)} ae. 
—A 
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We have along the whole interval of integrauon : 


| nz? | < nA3 = ni + 0 (n —> ©), 


since @ > 1/3, and hence 1 — 39 < 0. Wecan therefore conclude 
from 2 that in the whole interval (— A, A) 


2 
nz 


° 
pa 


{o(z)}m=e = {1+ ¥n23}, 


where Y remains uniformly bounded in the interval (— 4,4) for 
n> 0: 


[yYl<c¢ (n> 0o,|z] <A), 


where ¢ isa positive constant. ‘“hezefore 


Xr nee N 2 -+- © ae 
re (n) —| oF ae| <cnx8 | e ®%dz< en-00/ e” 2 dz. 
—A —A — © 
But 
foe] ¥ co © 
n 
pega oe 
| @ * d= a/ ay eu? du=2 a/ 2c dua VS 
n n Von 


The integral 
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only by the double value of the integral 


for the lower limit of the last integral is equal to n}-9/ 1/2, since 
A = n-% and, since @ < 1/2, it increases indefinitely together with 
n; therefore the last integral is indefinitely small for n—> 0; the 
whole right-hand side of the last equation is a quantity of the form 
o(1/+/n). Hence the relation (5) gives : 


pas ] 
tig — 28) af Fae toe) =o( fe) 
or 
ore VEE 7, =). (6) 


We have thus reached our goal as far as the integral 1; (n) is 
concerned : we represent it as a sum of a very simple “principal 
term” ~/ 27/4/nand another term about which we only know that 
it is infinitely small in comparison to the principal term for n > oo. 


5. Let us now evaluate the integral 
—i 
= [Cel }rde 
—1 


-ince the function ¢(z) increases in the interval of integration, 


erefore : 


140) <t9 (Pr (l—A) < {9 (—A)}*: (7) 


p(— A) = (1— A) e, 


r2 
a FTA) =A+In (I-A) arf ad 4e foe) <a 
ec 120 
n 
ning (—A)<—- = — a 
1 1720 oo: igs 


OE al eae 
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wheres = 1 — 26 > 0. But we know (cf example 7 at the end of 
§ 37) that for arbitrarily small + > 0 the right-hand side of the last 
equation is infinitely smallin comparison to any power of n for n-» x, 


; J — 
for example in comparison with ee n * , Therefore equation 


(7) gives : 


I, (n) = 0 Ci): (8) 


6. Let us finally consider the integral 


I, (ny = | {© (2) }" dz. 


A 


Here it is again convenient to divide the interval of integration into 
two parts : 


4 oO 
Ta (0) = T's (0) +ht)= [ (ele) det | (© (2) }" de. 
N 4 


—he function 9 (z) decreases in the interval (A, 4) and therefore does 
not exceed anywhere the value ¢ (A) so that we have: 


4 
I's (n) = [te @}naz< { 9 (A)}"(4—A) <4{ (A) }*. S 
r ° 


But by means of Taylor’s formula we readily obtain for 7 
2 
In @ (A) = - +7 0 (A*), 


and therefore for a sufficiently large value of n 


hence 
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where 7 = 1 — 24 > 0. As in 5 we can therefore conclude from 
(9) that for n—» co 


ayes o( =). (10) 


In order to evaluate the integral /’’;'(z) we note that for x > 4 as 
can be readily calculated *), 1+x+ < e+7/*,and therefore 9 (x) < e—*/?, 
Hence 


ao 3 Lo a) co 
‘? oe . l 
L a(n)=| (al2)} *d:<[¢ 2 dv<| € 2 dx= — = C—) (1t) 
4 0 
forn—» co. It follows from (10) and (11) that 
7 iad ] ~“ 
Ty (n) ==I'g (t) + 2's (n) = 0 ee, 7 
7. The relations (6), (8) and (12) give: 
: n \ V 2x 1 \ 
In)=| GOP a=h th @)-+h)= V4 o( 1 \= 
—| Vn Vins 
= i ed [l + 0 (1)}. 
Von 


We therefore have as a result of (2): 


oe 


n 


ges hth eo! 


[l + o0(]l)] = ne" V2nn [1 + o(l1)]. 


We have thus achieved our purpose. The composite function 
n! can be approximately represented by the simple and convenient 
analytical formula 


Cnt lH=ntanre™ Y2an[l +0 (1)]. 


The latter is one of the most important formulae of mathematical 
analysis and is usually known as Stirling’s formula ; it has numerous 
applications. With regard to the last term of this formula we have 
only established that it is infinitely small in comparison with the 


*) It is sufficient to show that the function e #/2 — 1 — x is positive at x = 4 
and increases for x = 4. 
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principal term of this formula for n— oo; in other words, we only 
aim at isolating the principal term of Stirling’s formula and we are 
not concerned with the evaluation of the last term. In practice the 
latter evaluations are often also needed ; they can be obtained with- 
out undue difficulties by using the method used for obtaining the 
‘expression for the principal term ; however, for this purpose all cal- 
culations would have to be performed with much greater accuracy 
and we cannot go into detail within the scope of this book. 


Stirling’s formula is frequently written in the equivalent logari- 
‘thmic form 


In P(n+1)=in(n!) =nInn—n- > Inn + = In 2 +0 (1). 


CHAPTER AXVII1 
DOUBLE AND TRIPLE INTEGRALS 


§ 114. Measurable plane figures 


1, Introduction. In the same way as the methods and concepts. 
of differential calculus, initially considered for functions of one inde- 
pendent variable, were subsequently developed for functions of any 
number of variables (chapter 22', so the fundamental concepts of 
integral calculus can also be successfully extended to functions of 
several variables. This holds for the basic concept of an integral as 
limit ofa sum of a definite form; we have seen that the origin of 
this concept was mainly due to practical requirements. In this 
chapter we shall briefly consider fundamental problems connected 
with integration of functions of two or three variables. All that we 
shall say in this connection can be easily extended to functions of' 
any number of variables. 


The region of integration of a function of one variable usually 
consists of an interval or, in more complicated cases, a group of 
intervals The region of integration of a function of two variables. 
is a plane figure. If we only consider the simplest figures, 7.e. figures 
bounded by simple closed curves, we must still deal with a large 
variety of forms of such “‘regions of integration”. This variety which. 
has no parallel with functions of one variable requires a detailed 
study of some properties of plane figures before we can proceed with 
the study of double integrals. This paragraph is devoted to this. 
subject. 


2. Plane figures. Jn its most general! from we shall call a plane 
figure an arbitrary set f of points ina plane. An arbitrary point A: 
in the plane is said to be an interior point of the figure F if it is the 
centre of a circle with its all points belonging to the figure F (fig. 70). 
The point B with centre of a circle not having any point which. 
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belongs to the figure F is said to be an exterior point of that figure. 
Finally a point in the plane which is neither an interior nor an 
exterior point of the figure F is called a boundary point. ‘Thus the 
point C' is evidently characterised by the fact that any circle with 
centre at C’ contains points which belong to the figure F as well as 
other points which do not belong to that figure. 


It follows from the definition that an interior point of the 
figure F always belongs to that figure whereas an exterior point can 
never belong to it. A boundary point may or 
may not belong to the figure F. Thus if F is 
the set of interior points of a circle, then no 
point on the boundary of the figure F belongs 
to this circle; if however F represents the set of 
interior points of a circle as well as points on its 
circumference, then such a figure will contain 
all its boundary points. 


Fig. 70 


The set of all boundary points of a given 
Agate (i.e. points which belong and which do not belong to this 
figure) is called the contour (or boundary) of this figure. 


A figure which does not contain a single boundary point (i.e. all 
points are interior points) is'said to be an open region; a figure which 
contains all its boundary points is said to be a closed region. If M, N, 
P respectively denote the sets of all interior, exterior and boundary 
points of a figure F, then, as the reader can readily see, M and WN are 
always open regions whereas P, Af+P and N+P are always closed 
regions. 


Lemma 1. The rectilinear section AB which connects the interior point 
A with the exterior point B of the figure F contains at least one boundary point 


of that figure. 


Proof. Let us agree to call every rectilinear section normal if 
one of its ends is an interior and the other an exterior point of the 
figure F. According to the conditions of this lemma the section AB 
is normal; if its middle does not lie on the boundary of the figure F, 
then, evidently, one of the two halves of this section will be normal. 
To this half we can again apply the above argument, and so on. 
Sooner or later we shall obtain a section whose centre lies on the 
boundary of the figure F (and this will prove our lemma) or we may 
obtain a contracting sequence of normal sections. In that event the 
common point D of all these sections (lemma ! $18) evidently 
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possesses the property that any circle with centre at D contains an 
infinite number of normal sections, 7.e. it contains points which belong 
to the figure F as well as points which do not belong to it. But this 
implies that D lies on the boundary of the figure F. Our lemma is 
thus proved. 


3. Measure of plane figures. In chapter 12 we have determined 
the area of curvilinear trapeziums and figures consisting of curvilinear 
trapeziums. We must now consider the evaluation of areas on a 


wider basis. In order to distinguish 
our new definition of areas from the . he 


former definition we shall now speak af j 
not of areas but of measure of plane | A\\y ; 


figures. In doing this we must try to 


generalise our new definition and see 
that this measure should, in fact, 


always exist and coincide with the 
area defined earlier for figures whose 
areas can be calculated in accordance 
with our former definition. 


Fig. 71 


Let us assume that we are given an arbitrary bounded plane 
figure F. Let us draw in the given plane two families of mutually 
parallel lines as shown in fig. 71. The lines of each family are such 
that the distance between any two adjacent lines is always constant. 
The drawn net of straight iines evidently divides our plane into 
equal parallelograms which we shall! call the cells of our net; we shall 
always regard all points on fhe contour of such a parallelogram 
as belonging to the corresponding cell, so that each cell is a closed 
region. The longest diagonal of the parallelogram is evidently the 
diameter of this cell. This quantity, which is the same for all cells, is 
called parameter of the given net S and denoted by ¢(S) or simply 
by p. 

The cells of the net S can, in general, be divided into two cate- 
gories with reference tothe figure /: inner cells, all points of which are 
interior points of the figure F and outer cells, all points of which are 
exterior points of the figure F; finally all remaining cells are called 
boundary cells (with reference to the-figure F’; in fig. 7] one cell of each 


type is shaded). 


Lemma 2. Each boundary cell contains at least one point on the boun- 
dary of the figure F. 
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Proof. In fact, otherwise each point of the given cell would 
either be an interior or an exterior point (with reference to /’) and 
not all points can then be interior or exterior points, for if it were so, 
then-the cell would either be an inner or an outer cell. Therefore 
the given cell must contain the interior point A and the exterior point 
B of the figure F. In accordance with lemma | the section AB which 
completely belongs to the given section contains a point on the boun- 
dary which proves lemma 2. 


Let Js (F) denote the sum of areas of all inner cells of the net S 
(with reference to the figure F). Evidently the sum of these areas 
is different for different nets S; however, the set of the values of the 
quantity J; (F) has evidently an upper limit for all possible types of 
nets, since the fgure J’ which by definition is bounded les entirely 
within a circle Cand the quantity J, (F) can never exceed the ‘area 
of this circle irrespective of S. Therefore there exists an upper bound 
I (F) for all the quantities J; (F). 


Theorem 1, J; (F) > J (F) for ep (S) > 0. 


As usual, the statement of theorem | implies as follows: There 
exists a &§ > O for an arbitrary <« > O such that J, (fF) > I (F) —< 
for every net S with a parameter 9 < 5. 


Proof. Since J (F)is the upper bound of the numbers J, (F), 
therefore for every ¢ > Oa net S, can be found such that 


In (F) > I (F) — «. 


We shall regard this net as fixed in all subsequent arguments of this 
proof. Let us consider an arbitrary inner cell A of the net Sy. This 
cell is a closed region; on the other hand, the contour D of the figure 
F is, as we know, also a closed region. ‘The regions A and D have 
no points in common, since all points of the cell A are interior points 
of the figure F. It follows from theorem 4 $87 that the distance 
between the regions A and D is positive. This argument holds for 
every inner cell A ofthe net Sy. If ,5 denotes the shortest distance 
obtained in this way, then any point of any inner cell of the net Sy is 
evidently at a distance not less than 6 from the contour of the 
figure ff. 


Let S now denote an arbitrary net in which e (S) < 6 and let 
A be an arbitrary point of an inner cell of the net S,. A is an interior 
point of the figure F and therefore it must belong to an inner or a 
boundary cell of the net S; however, it cannot belong to a boundary 
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cell, since in that case, in accordance with. lemma 2, it would be at a 
distance less than 5 from the contour of the figure F. Hence every 


point .4 of every inner cell of the net S, must belong to an inner cell 
of the net S. Hence 


I, (F) > I (F) > I (F) — «, 
provided ¢ < dS for the net S. This proves theorem 1. 


The set of inner cells of any net of straight lines evidently 
belongs entirely to the figure F. If we add the boundary cells to 
inner cells‘of the same net, the sum of whosc areas being denoted by 
hi, (F), we evidently obtain a figure which, conversely, contains all 
points of the figure F. It is thus, evident that if we can ascribe a 
definite area to the figure F, then for every net S this area must be 
confined between J; (/) and IJ; (F) +s (F). But we have just pro- 
ved that J, (F) always tends to a definite limit asP + 0. Hence the 
area I, (F) + K, (F) which surrounds the figure F tends to the same 
limit ; we are therefore justified in assuming that this limit is equal 
to the area or, as we now prefer to say, to the measure of the figure F’; 
the figure F itself is in this case said to be measurable. Since 
I, (F) —-> I (F) always (theorem 1), therefore in ordcr that the figure’ 
F should be measurable it is necessary and sufficient that 


Ky (F) > 0 -(P => 0); 


i.e. the sum of the areas of the boundary cells should tend to zero together with 
the parameter of the net. 


In this case the above defined quantity J (F) is the mcasure of 
the figure FP. 


4. Properties of measurable figures. Thesum F, + FP, of two 
measurable figures F, and /F, is the set of points which belong to at 
least one of these figures; the sum ofany number of figures is deter- 
mined similarly. The intersection or common part F F, of the figures 
F, and F, is the set of points which belong both to F, and Fy; this 
definition also applies to the intersection of any number of figures. 


Theorem 2. If the figures Fy and Fa are measurable, then the figure 
F, + Fy is also measurable; if at'the same time the figures F, and Fy have 
no common interior points, then 


ran + Fy) = I (F)) + I (Fy). 


Proof. 1) Every interior point of one of the figures FP, and F, 
is also an interior point of the figure F, + Fy. Therefore point A 
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on the boundary of the figure F, + /, cannot be an interior point 
of either F, or F,. However, it cannot be an exterior point of either 
figures, for then it would evidently be an exterior point of the figure 
F, + Fy. Hence the point A must be a boundary point of at least 
one of the figures F; and F,. But in this case every cell of any net S 
which is a boundary cell of the figure F, + F, must also be a cell on 
the boundary of either F, or F,; we therefore have for every net S': 


Ky (Fy + Fe) < Fy (Pi) + A (FQ). 


But since the figures /*, and F, are measurable, therefore A’; (/,) and 
KR; (F,) tend to zero ase — 0; hence the last inequality shows that 
we also have 


Ky (Fi + Fy) +0 (e > 9), 
and this, in its turn, implies that the figure F, + Fy is measurable. 
2) Let us now assume that the figures Ff, and /, have no 
interior points in common. Let us censider an arbitrary inner cell 
A of an arbitrary net S with reference to the figure /, + Fy. It is 
evident that the cell A cannot be an outer cell of both the figures F; 
and F,, for in that case it would also be an outer cell of the figure 


F, + Fy. Therefore the cell A must either be an inner cell ora 
boundary cellof atleast one of the figures F, and Fy and, consequently 


Ts(Py + Fy) S16(Fy) + As (Fi) + Is (Fe) + Ws (PF). (1) 


Since #, and f/f, have no interior points in common, the set of cells 
which are inner cells of either F, or F, have an area equal to 
1,(F,) + I; (Fz); and since each of these cells is also an inner cell of 
the figure Ff, + Fy, therefore 


Tey) + 15(Fo) < 1, (Fy + Fo). (2) 
It follows from (1) and (2) 
Ts(Fi) + Isa) C1s(Fy + Fe) SI5(Fy) + Ks (Fi) + 
+ L5(Fy) + es (F)). 
By making the net S successively small we note that 
LF) 1G), LR) > 1A), 1 +) > 1, + Pe), 
Ky (f)) > 0, As(F,) > 0, 
and we obtain in the limit: 
1(Fy + Fe) = 104) + IF), 


which was to be proved. 
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It is evident that theorem 2 can be extended to include any 
number of terms by simple induction. 
| 


Theorem 3. The intersection F\Fy of ttvo measurable figures is also 
measurable, 


Proof. Let A be an arbitrary point on the boundary of the 
figure F\F,; it can be readily seen that in this case the point A must 
be a boundary point of at least one of the figures F, and Fo; in fact, 
the point A cannot be an exterior point of either F, or F,, for it 
would be an exterior point of the figure F,F/, as well; on the other 
hand, it cannot be an interior point of either figure, for in that case 
it would also be an interior point of the figure F\F,. Therefore the 
point 4 on the boundary of the figure /\/, must be a boundary point 
of either F, or Fy; hence for any net S a boundary cell with respect 
to /\/, must be a boundary cell either with respect to Fy or with 
respect to Fy; this gives: 


Ky (Pike) < Ks (MF) + Ks (FQ). 


Since F, and /*, are measurable, the right-hand side tends to zero as 
2 + 0; the same also holds for the left-hand side and this implies 
that the figure /F, is measurable. 


Theorem 3 evidently holds for the intersection of any number 
of measurable figures. 


Theorein 4. Let A (5) denote a set of points in a plane, which are at a 
distance less than 8 from the contour of the plane figure I’. Therefore in 
order that the figure F should be measurable vt is necessary and sufficient that 
the set A(S) should be contained in a finite group of parallelograms, the sum 
of whose areas is less than ¢ for arbitrarily small ¢ > 0 and sufficiently 
small &. 


Proof. 1) Necessity. Let the figure F be measurable and let S 
be a net of straight lines for which ¢ is so small that 


K (PF) <<; 


let & be the lower bound of the distances of all inner and outer cells 
of the net S from the contour of the figure f (8 > 0 asa result of 
theorem 4 § 87). The points of the set 4 (5) cannot therefore belong 
to inner or outer cells of the net S so that the set A(5) must be 
contained entirely by boundary cells of this net, the sum A, (/) of 
whose areas is less than <. 
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2) Sufficiency. Af we have oe < 86 for the net $, then all 
boundary cells of this net belong entirely to the set A (5); therefore if 
the condition of theorem 4 is satisfied, then for arbitrarily small ¢ > 0 
we have for a sufficiently small p 


KP) <eg, 


which implies that the figure F is measurable, 


Theorem 4 has many important corollaries. Let us assume that 
the measurable figure F is divided into parts of arbitrary shape 
which we shall, as before, call cells, and for which we shall only 
require that they should be measurable figures with no interior 
points in common in pairs. Let e(7) denote the greatest diameter 
of the cell of the division 7 of the figure F. The definition of inner 
and boundary cells remains as before (?.e., we say that a cell is an 
inner cell if all its points are interior points of the figure F, otherwise 
it is a boundary cell). Let us denote by /r (F) the sum of measures 
of the inner cells of the division 7 (with reference to the figure F) 
and by /(F), as before, the measure of the figure F. 


Theorem 5. Jf the figure F is measurable and can be divided into 
measurable cells, then for p > 0 


In(F) > I(F). 


In fact, this implies as follows: a 5>0 can be found for every 
¢ > Osuch that, we have foro (T) < 8: 


\ir (F) — I(F)| <e. 


Proof. If 0(7) <5, every point of any boundary cell of the 
division 7 will belong to the set A(&) of theorem 4 and therefore, 
provided 6 is sufficiently small, the set of all boundary cells will be 
contained by a finite group of parallelograms, the sum of whose areas 
is less thane. Hence the sum of the areas of the boundary cells is 
less thane *). But the sum of measures of all cells (inner and 
boundary cells) is equal to /(F) (theorem 2); therefore the sum Ir(F) 
of measures of inner cells differs from I(F) by less than e, which 
proves theorem 5. 


*) Strictly speaking, in order to prove this statement we must also show that : 
1) if the measurable figure Fy contains a part of the measurable figure Fy, then 
I (Fy) <I (F2) and 2) the measure of a parallelogram is equal to its area. This 
first statement follows directly from the definition of measure and the reader will 
have no difficulty in proving it. The second statement, which is almost self-evident. 
Will be proved somewhat Jater (theorem 6). 
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5. Examples of measurable figures. We shall now show that 
there exist wide classes of more or less simple measurable figures and 
that for figures, whose areas are calculated by means of other special 
methods, their area coincides with the measure. 


Lemma 3. Let the function y = f(x) be continuous in the interval 
(a, b) and let for every 8 > 0 A(8) be a set of points in the plane, which are 
at a distance less than § from the curve y = f(x) (a <x* <b). In that 
case for arbitrarily small ¢ > O and sufficiently small 8 the set A(8) can be 
covered by a finite group of rectangles the sum of whose areas is less thane. 


Proof. Let us divide the interval (a, 5) into n equal parts 
(b — a) / n=8 in length and let n be so large that the vibration of the 
function /(x) in any subinterval < § in length should not exceed «. 
Let the points of division be a = % < *%, <...< x, = 5 so that 
Xt — Xp-y = § (1 Kk <n). Let us denote by M; and m, the 
greatest and smallest value of the function f(x) in the subinterval 
(x;:-1, *;) of length equal to 8, so that MM, — m, < « (fig. 72). 


Let MN denote the interval x ,-. <*« <w«, ofthecurve y = f(x). 
It is evidert that every point in the plane which 1s at a distance less 
than 8 from the arc MN must lie 1) within the strip x,-; — 5 < x 
<x; + § and 2) within the strip mz, —8< »y < M, + 8 and 
hence within the rectangle (x,-. — §< * < +, + 5, m, — 8 
<y» <.M, + 6) whose area is 

33 (M;, — mz + 28) < 38 (e + 28); 

the sum of the areas of these rectangles constructed for all k (L<k<n) 
does not exceed 36 (¢ -+- 25) n = 3 (b — a) (c¢ + 28) and is therefore 
as small as we please, provided ¢ is sufficiently small and nsufficiently 
large And since the set of these rectangles covers the set A(5), there- 
fore lemma 3 is proved. 


Let us now assume that the contour of the figure / is closed 
and can be divided into a finite number of intervals, in each of which 
the curve can be represented by either the equation y = f (x) or the 
equation x = 9 (y). Applying lemma 3 to each interval we see that 
the set A (5) constructed for the whole contour of the figure /* can 
be covered by a finite group of rectangles, the sum of whose areas 
can be as small as we please provided 56 is sufficiently small. 
Theorem 4 thus gives us the following theorem : 


Theorem 6. Jf the contour of the figure F can be divided into a finite 
number of sections each of which can be expressed by etther of the two equa- 


566 A COURSE OF MATHEMATICAL ANALYSIS 


tions : y= f (x), x= (9) (where f and & are continuous functions), then the 
figure F ts measurable. 


By the way all trape- 
ziuims whose areas have been 
evaluated in chapter 12 will 
be measurable; for a trape- 
zium its measure coincides 
with its area as determined 
by the methods described in 
chapter 12. Measurability of 
every rectangle follows direct- 
ly from theorem 6. Hence 
every rectangle is measurable 
and in order to find its mea- 
sure we can select nets of straight lines in arbitrary directions; if we 
take these ‘directions parallel to the sides of the given rectangle, we 
can see directly that the measure of the rectangle coincides with its area 
as determined by elementary methods. It therefore follows from 
theorem 2 that the same thing also holds for every figure composed 
of a finite number of rectangles. In chapter 12 we have used these 
figures to illustrate the “upper sums” S(7) and the “lower sums” 
s(T) of the given division T. Hence measure of a curvilinear trape- 
zium (composed of the first of these figures and containing the second) 
is confined between s (J) and S (T) for every division T. And since 
the same also holds for the area of this curvilinear trapezium, the 
absolute value of the difference between measure and area does not 
exceed S (7) — s (T); hence if the function f (x) is continuous, it is 
equal to zero, since the difference S (7) — s (7) can be made as 
small as we please by suitably choosing the division T. 


Let us finally consider a curve expressed by the parametric 
equations 


x= 9 (2%), 9= 4 (2); (3) 


where the functions 9 and y are continuous and have continuous 
derivatives in an interval (£9, ¢,) of variation of the parameter ¢ and 
assume that we have simultaneously 9’ (¢) = v’ (f) = 0 at no point 
in this interval. Let ¢bean arbitrary point in the interval (t), ¢;) 
and let p’ (¢) 4 0; because of continuity the function @’(¢) retains 


its sign in a neighbourhood of the point ¢ and therefore the function 
x = © (¢) is continuous and monotone inan interval which surrounds 
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the point ¢; but we know (§ 23) that in this case f is a single-valued 
function of x in that interval and therefore y = b) (£) is also a single- 
valued function of x in that interval of the curve. Hence every point 
in the interval tg <é < £, can be surrounded by an intervalin which 
the curve (3) can be expressed by either of the two equations: 
yb =f (x), x = fe (y) (where the functions f; and f, are continuous 
in the respective intervals). 


If we apply the theorem on finite coverage (lemma 2$ 18) to 
the set of these intervals we find that the curve (3) consists of a finite 
number of intervals, in each of which it can be represented by either 
of the two equations: y = f, (x) and x = f, (y) (where f/, and fs 
are continuous). Theorem 6 thus leads to the following theorem : 


Theorem 7. Let the contour of the figure F be divisible into a finite 
number of intervals each of which can be expressed by equations of the form 
(3), where the functions 9 (t) and W (t) have continuous derivatives in the 
corresponding intervals which do not vanish simultaneously. If this is so, then 
the figure F is measurable. 


§ 115. Volumes of cylindrical bodies 


We have mentioned in chapter 12 that the development of 
integral calculus for functions of one variable was prompted by evalu- 
ation of areas of plane figures bounded by contours of arbitrary 
form; at the time we have used this example as an introduction to 
the concept of an integral. ‘The calculation of volumes of bodies 
bounded by surfaces of arbitrary form plays an analogous role for 
functions of two variables. In this case too elementary geometry 
teaches us very little; apart from polyhedra (1.¢. bodies bounded ex- 
clusively by planes) it only deals with volumes of bodies whose 
boundaries consist (sometimes in conjunction with parts of planes) of 
parts of spherical (ball-like), conical and cylindrical surfaces. We 
shall begin by giving a definition and developing a method for 
calculation of volumes of bodies bounded by surfaces which are in 
general arbitrary in shape. 


As in evaluation of areas (¢f. chapter 12) where we began by 
considering the general problem in relation to evaluation of areas of 
figures of specific shape (curvilinear trapeziums) we shall again con- 
centrate our attention on calculation of volumes of bodies of specific 
form which we shali call ‘‘cylindrical’’ bodies. It can be readily 
seen that any body of a more or less simple form can be divided into 
several such cylindrical bodies and, therefore, by knowing to find 
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volumes of these cylindrical bodies, we shall have no difficulties in 
calculating volume of any body whose boundaries are not too 
complicated. 


Let a measurable figure D (fig. 73) be given in a plane which 
we shall take as the coordinate plane XOY. Leta surface be given 
in space to extcnd over the figure D so 
that every straight line parallel to the 
OX-axis intersects it at one point only; 
the equation of such a surface can be 
written in the form 


zg = f (x, 9); (1) 


where we assume that the function 
f(x, y) is positive and continuous in a 
rectangle which surrounds the figure D. 
Let us now draw a perpendicular from 
Riecdas. every point of the contour of the figure 
D to the XOY plane and continue it to 
intersect the surface (1). The set of these straight lines reprcsents 
the surface of the cylindrical figure whose generating lines are parallel 
to the OZ-axis. The resulting body which is bounded from below 
by the figure D, from sides by the cylindrical surface which we have 
just described and from above by the surface (1) is a cylindrical body ; 
the definition and development of a method for calculation of volume 
of such a body is the object of this paragraph. It is evident that 
this problem is analogous to calculation of area of a curvilinear 
trapezium. The complication in this case is mainly due to the fact 
that a curvilinear trapezium is always bounded from below by a 
section of a straight line whereas the lower boundary of a cylindrical 
body can consist of the measurable figure D which can be arbitrary 
in form. However, this complication is due to the nature of the 
two-dimensional continuum: on a straight line (ze. in a one-dimen- 
sional continuum) only a single form of a measurable figure is possible, 
vz. an interval whereas in a plane, even if we restrict ourselves to the 
simplest figures, we immediately meet an infinite variety of shapes. 
For this reason it is desirable to consider right from the beginning an 
arbitrary measurable figure as the “region of integration’’. 


The same difference again appears as scon- as we try to solve 
our problem i.e. when we try to define volume of a cylindrical body 
in analogy to area of a curvilinear trapezium. In the lattcr case 
we begin by dividing the interval (a, 6), which is the lower boundary 
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of our trapezium, into arbitrary parts which we called ‘‘cells’’ of the 
given division. Therefore in this case we naturally begin by arbi- 
trarily dividing the figure D into figures which we shall also call 
cells. But which is the most suitable form for these cells ? We now 
evidently have an indefinitely wider choice than before. Let us how- 
ever, note that in the former case we found it useful not to restrict 
our choice of cells so that our arguments could apply to all possible 
divisions of the given interval. For the same reason we shall in this 
case also try not to restrict our choice in any way. We shall natu- 
rally demand that each cell should have a definite area, ze. it should 
be a measurable figure; we shall assume further that no two cells 
‘should have interior points in common; in all other respects the 
dimensions, shapes and mutual positions of cells can be arbitrary. 
Let us denote the cells of the given division 7 of the figure D 
performed in any given order by Aj, Ag, ..., An; let Az denote 
measure of the cell of the same description. 


Let us now choose an arbitrary point in every cell Ax (Ex, nx)- 
The product 


S (Ens Gn) Ar (2) 


expresses volume of a right cylinder with the base A; and height 
S én te). If the cell A; is small, then it follows from continuity of. 
the function f(x, y) that the values of this function at different points 
in the cell Ax will differ very slightly from one another and therefore 
very little from the quantity f(£,, %;). If we now cut, subjectively, 
a narrow cylindrical column situated above the cell A; from our 
cylindrical body, then volume of this column will evidently differ very 
little from the volume of a straight cylinder with base A; and height 
Sf (En, 1%), 2-€ from the quantity (2). And if all the cells are small, 
then volume of the whole cylindrical body which is equal to sum 
of volumes of all such colurnns will only differ very little from the sum 


n 
ice (3) 
=1 


We must emphasize once again that the division 7 of the figure D 
remains arbitrary (provided the cells A; are measurable and sufhi- 
ciently small) ; the choice of the points (2, 4) in individual cells is 
also arbitrarv. 

It is evident that in future we must try to make the division T 
progressively ‘‘finc’’. But what does it mean? Let us note that in 
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the former case we have evaluated “‘fineness” of the division T by 
smallness of the quantity /(7) in the greatest of its cells. We must 
naturally act similarly in this case. But how can we evaluate the 
‘dimensions of the cell? It can readily be seen that measure of the 
cell is not suitable for this purpose; in fact, in this case we try to 
make the cells small in order that any two points of a given cell 
should lie close to one another; however, the small dimensions ofa 
cell do not guarantee us this property (the cell may have the shape 
of an elongated rectangle). Let us note that we have agreed to call 
the diameter of a plane figure as the upper bound of the common 
distances of all possible pairs of its points. ‘Therefore smallness of 
diameter of the cell A, is, in fact, necessary and sufficient in order 
that the common distance of two arbitrary points in it should be small. 
If we denote by d(T) the greatest of the diameters of the cells of the 
given division T, then “‘fineness’’ of this division can conveniently be 
measured and evaluated by smallness of the quantity d(T). We shall 
naturally say that the variable division 7 becomes “‘infinitely fine” 
if and only if d(T) > 0. 


All that follows is quite clear from its analogy to the definition 
of area of a curvilinear trapezium. If, when the division T 
becomes infinitely fine and choice of the points (z ;., 4;,) in individual 
cells is arbitrary, the sum (3) tends to a limit V independent of the 
division TJ and choice of the points (2;, 4%) in individual cells of the 
given division, we shall call this limit V volume of the given cylindrical 
body and write: 

n 


V = lim S Sts Ge) Ake (4) 
aa 


It is clear from above that the exact meaning of this notation 
(in agreement with the accepted general concept of limiting process 
§ 15) involves the following fact: a 5 > 0 can be found for arbitrarily 
small « > 0 such that for every division 7, where d(T) < 8, and 
for every choice of the points ($7, 4%) the following inequality holds 
for cells of the given division: 


n 
Vi fw nA — Vi <e. 
k=1 


We have thus established the definition of volume of a_ cylin- 
drical body. The apparatus for calculation of this volume follows 
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directly from the above definition, which is fully constructive ; how- 
ever, in practice, this method because of its complexity gives us even 
less than the method obtained earlier in connection with the defini- 
tion of area of a curvilinear trapezium. For this reason we must say 
that we have still not developed a suitable practical method for eva- 
luation of volumes of cylindrical bodies. 

From above we can draw no conclusions as to the conditions 
under which the limit involved in the definition of volume of a cylin- 
drical body exists and is independent of the elements of construction. 
We must therefore still consider all these problems. 


§ 116. Double integral 


As in the one-dimensional case (chapter 14) we can now enu- 
merate many geometrical and physical problems whose solution in- 
volves evaluation of limits of the form (4) § 115 (masses of thin hete- 
rogeneous plates, centres of gravity and moments of inertia of such 
plates, etc*’. We must therefore study the general properties of these 
limits and find practical methods for their evaluation. 

We shall naturally begin by agreeing on terminology and system 
of notation. Ifthe given function / (x, y) and the given measurable 
figure D have a limit of the form (4) § 115, then this limit is called 
double integra! of the function f (x, y) in the “region of integration” D and 
denoted by 


[[ re) dc or [[ ron dx d y.. 

D D 
In the first formula the symbol d c (‘ element of area’’) should remind 
us of origin of the integral obtained from “integral sums”’ as a result 
of the limiting process 


ata Tk) An 

k=1 
We know that the shape of cells in this process is arbitrary ; it is 
mostly convenient to have cells in the forms of rectangles with sides 
parallel to the axes of coordinates ; the integral sums then have the 


form : 
nN 


Vie An) Ax A ); 
k=] 


*) We shall consider some of these problems in § 120. 
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and the second formula of the double integral given above, which we 
shall mainly use in future, should remind us of origin of the integral. 
It is obvious that the meaning of both notations is the same. 


If an integral exists, the function f (x, y) is said to be integrable 
in the region D. Nothing is required of the function f (x,y) except 
that it should be defined at every point of the region of integration D 
and bebounded in that region. ‘Thus the function must not even be 
continuous ; it may also assume negative values (in these more gene- 
ral cases the simple geometrical interpretation of double integral 
given in § 115 does not apply). 


As in the one-dimensional case, the concepts of the upper and 
lower sums which are constructed in full analogy to the one-dimen- 
sional case (§ 47) are of great assistance in constructing of the theory 
of double integrals. 

Let M and m denote respectively the upper and lower bounds 
of the function f (x, y) in the region D. Let us assume that we have 
performed an arbitrary division T of this region into (measurable) 
cells Ay, Ao, --, An and let M; and m,; denote the upper and lower 
bounds of the function f(x, y) in the cell A , respectively. We can 
thus construct sums 


n 


71 
Sr=\My Ais i= y Mr Ako 
k=1 k=] 


which are uniquely defined by the chosen division T called the upper 
and lower sums of this division. ‘These sums possess all properties of the 
upper and lower sums in the one-dimensional case (§ 47, properties 
1° — 4°); all previous proofs remain valid except that the cells A, 
are now measurable plane figures. Instead of thelength ) — a ofthe 
interval (a, b) we must now use everywhere the area D of the region 
of that name. In the proof 3° we must note that the cells Ajj are 
measurable figures in accordance with theorem 3 § 114. 


As in the case of a one-dimensional integral we shall agree to 
call the quantity o;, = AZ; — m, variation of the function / (x, y) in 
the cell A, of the division 7. It can again be shown that the 
simple relation 


n 
Sr~sy= )) op Ag 0 [d(T ) > 0) (1} 
k=] 
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is a necessary and sufficient condition for integrability of the function 
JF (x,y) in the region D. The proof is exactly the same as in the one- 
dimensional case (§ 48). 


The most important consequence of this criterion of integrabi- 
lity is, as in the one-dimensional case, integrability of all continuous 
functions. ‘The function f (x, y) continuous in the bounded closed 
region D is. as we know (§ 88), uniformly continuous in that region. 
Therefore provided d(T) is sufficiently small, the variation ; of the 
function f(x, y) in any cell Ax, of the division 7 will be less than an 
arbitrary preassigned positive number ¢ which can be as small as we 
please ; but this implies that, provided d(T) is sufficiently small, 


n 
Yopar<e) A;peeD; 
=1 


/ 


since € > OQ is arbitrarily small, the relation (1) holds and the func- 
tion f (x, _y) is integrable in the region D. 


We have seen in the case of simple (single) integrals that a 
finite number of points of discontinuity of a bounded function does 
not effect its integrability (§ 48, theorem 4), We can similarly show 
that the’bounded function f (x, y) is integrable in every region D in 
which all its points of discontinuity are situated on a finite number of 
lines of relatively simple type. However, we shall not do so here. 


Double integrals possess several simple properties which are 
completely analogous to those of simple integrals ; the proof of these 
properties is usually quite simple and follows the same lines as the 
corresponding proofs for simple integrals. It is therefore sufficient only 
to enumerate the more important properties and leave the reader to 
provide the proof *). 


1°. If the functions f, (x,y) and fy (x,y) are integrable in the 
region D, then their sum is also integrable in that region and 


J J [hi (49) + fe Oy) dx dy = 


" D 


=[[A@neat | [AGoaw 
D D 


*) Let us note that in everything that follows any measurable plane figure can 
serve as the region of integration. 
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2°, Ifk is an arbitrary constant and the function f (x,y) is 
integrable in the region D, then the function & f(x, y) is also inte- 
grable in that region and 


|| k f (x,y) dx dy = k || Sf (x,y) dx dy. 


ac 


3°. If the function f (x, y) is integrable in each of the regions 
D, and D,, then it is also integrable in the region D, + D,; if, at 
the same time, the regions D, and D, have no common interior 
points, then 


| | S(x,y} dx dy = | [ren dx dy + | [ron dx dy. 
Dy Ds 


D,+Dse 


4°. If the functions fj (*, y) and /, (x, y) are integrable in the 
region D and if at every point of that region f; < f,, then 


[ [AGsoraedy < | |p Gsoy ara 
D D 


5°, If the function J (x, 9) is integrable_in the region D, then 


the function | f (x, y) | is also integrable in that region and 
( 


ff te dx dy <| fire» ia 
. D 


6°. Ifthe function f (*, y) is integrable in the region D and if 
at every point of that region m < f (x,y) < M, then 


m p< ie (x, y) dx dy <MD*, 
D 


where D* denotes measure of the region D. 


7°. (Mean value theorem). If the function f (x,y) is conti- 
nuous in the closed region D and this region is “‘connected”’, i.e. any 
two points of this region can be joined by an open polygon which 
wholly belongs to the region D, then a point (E, 4) can be found in 
this region such that 


[ [F659 dear fenD* 
D 
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In order to prove this we must join two points at which the 
function f (x, ¥) assumes its greatest value M/ and its smallest value m 
by an open polygon lying entirely in the region D. We can regard 
j as a continuous function of an arbitrary suitably chosen parameterA 
along that polygon (for example, A can be defined as the length of 
an interval of the open polygon from the origin to the given point). 
We can then apply theorem 3 § 23 to this continuous function. whose 
values at the and points of the given section of variation of the para-. 
meter are respectively equal to M and m; since it follows from 6° 
that 


m< pel [sos dx dy < M, 
D 


therefore on the drawn open polygon (and hence also in the region. 
D) a point (2, 4) can be found at which 


e t 
FE) = pal [So2) deo, 
D 


which was to be proved. 


We must finally draw attention to an important corollary of 
theorem 5 § 114 which we shall find useful on many future occasions. 
Let the function f (x,y) be integrable in the region D; its integral 
is defined as limit of sums of the form 


VS ee tr) Ar. 
k 


in all the cells A, of the given division 7 of the region D, provided 
the greatest diameter of the cells tends to zero. Among the cells Ax. 
we distinguish inner and boundary cells; let X,; denote summation in 
all inner cells and 2, summation in all boundary cells of the given. 
division so that 


Ls tn) Ar =F yf Ge Gr) Ax ie ea hn) Ax: 
k ° 


and 


mm Ar = D. Aner y. A i 


k 
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If ». denotes the upper bound of the function | f (x,y) | in the region 
D, then : 


| yf Gis ty) A. | <u y. A, = “(} Air 7 re Ax ). 
k 


-But theorem 5 § 114 maintains that if the division becomes indefini- 


tely fine | 
y. Ar y) A: 
k 


{the above sum is obviously the measure of the region D); therefore 
if d(T) > Q, 


YS Ge ti) A; > 9, 
and consequently 


| xe y) dx dy = lim is Qe) A, = lim VS be Tn) Are 
D k 


Theorem. [f the function f (x, y) is ixt2gratlz in the region D, then 


| | F052) dx dy = tim Pf Ey ra) Aw 
D d(T)>0™1 


where the sum 2, only includes inner cells of the division T. 


Note. The proved theorem remains valid if, apart from all 
inner cells, we include some (any we please) boundary cells in the 
sum 2, (the sum 2, then contains the remaining boandary cells). 
The proof remains unchanged. 


-§ 117, Evaluation of double integrals by means of two 
simple integrations 


We have already mentioned above that our definition of a 
double integral gives a method for its evaluation but this method is 
rather limited because of its bulkiness and unsuitability for practical 
use. We must therefore develop a suitable method for evaluation of 
the given double integral. In most cases evaluation is achieved by 
reducing the double integral into two successive simple (i.e. single) 
integrals. We shall establish this general method in this paragraph. 
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Let the closed region (measurable figure) D where the given 
integral is defined has sucha form that any straight line parallel to 


Z 


ane oe 


yew 
O| x ; 
Fig. 74. Fig. 75. 


one of the coordinate axes intersects its contour only at two points 
(fig. 74; this condition excludes all regions similar to that represented 
in fig. 75; however, such a region, provided it is sufficiently simple, 
can always be divided into parts of the required form as shown by 
dotted lines in fig. 75); only lines at the extreme left and the extreme 
right permit this exception ; each of these can share a whole section 
of common points with the boundary of the region D (as, for 
example, the line at the extreme right in fig. 74). 


We shall assume that the function f(x, y) is continuous in the 
region D. In that case the integral 


r=[[ fon») ae 


D 


is known to exist and (as a result of the last thecrem of the previous 
paragraph, see note) it is equal to the limit of sums of the form for 


d(T) — 0, 
)} SF Ens tk) Ark 
1 


(where £,, 4, are coordinates of a point arbitrarily chosen in the cell 
A, of the division J and the sum includes all inner cells and any 
number of boundary cells of this division); this limit is independent 
of the division J and choice of the points (,, 4z) in cells of these 
divisions. Therefore in order to obtain the reduction necessary for 
evaluation of the integral J and subsequent evaluation of two simple 
integrals we can choose the division T and the points (&;, 7%) in the 
cells of these divisions in a way most convenient for our purpose if 


only d(T) — 0. 
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Let ¢ > 0 be given arbitrarily; in that case provided 5 > 0 is 
sufficiently small, we have 


ee y S (Ens Tx) An|<e (1) 


for every division 7 for which d (7) < &§ (and for every choice of the 
points (€, 4.) in the cells of this division). Let us now choose one 
such division in a definite manner. Let us write respectively 
y = 9 (x) and y = 9.(x) for the equations of the upper and lower 
parts of the contour of the region D (fig. 74) and assume that these 
two functions are continuous in the interval (a, 5) between the 
terminal abcissae of points of the region D. It then follows from the 
theorem on uniform convergence that an 4) > 0 can be found such 
that when a < x’ < x” < band x’ — «" |< hy, we have: 


, 5 / vr 
lo, (x') — 94 (x) |< >: loo (x') — Ge (x p< 2. (2) 


Let us now divide the interval+(a, b) by means of the following points 
of division : 

a = V Q9 N45 oes Xn a b 
into a large number of equal parts so that 


Ne—eXiy=A<hy (l Sign) 


and also h < 8/2. Let us draw a straight line parallel to the 
OY-axis through each point of division. The set of these straight 
lines civides the region D into vertical strips (fig. 76). A further 
choice of cells of division will be made separately in each strip. 


Fig. 77 represents one of these vertical strips confined between 
the straight lines « = x; and x = wxj4,. Let MZ, and m, denote 
respectively the greatest and least values of the function 9, (x) in the 
given strip while Af, and m, have similar meanings for the function 
o (x). Since < ho, it follows from the inequalities (2) that 


M,—m <>, My-m<+. (3) 

Let us now draw in our strip (Fig. 77) straight lines parallel to 

the OX axis at the heights m., Alo, m,, AZ, (let us assume for the 
sake of simplicity that AZ, < mj) and divide the interval M,<y<m, 
of the OY-axis into equal parts and draw straight lines parallel to the 
OX-axis through each point of division. These straight lines divide 
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the part of the region D confined in the given strip into parts which 
we shall regard as cells of our divisionT. We have not yet defined 


ne 


me ee 


& 
oe 


Fig. 76 


the number of equal parts into which the interval M, < » <m; 
should be divided ; we shall do so now. 


In each cell A, constructed in the given strip as described 
above let us select &, = x; (which will be the same for all cells of 
the given strip) whereas the numbers 7; can be chosen arbitrarily. 
The lowest cell of the given strip is contained in a rectangle whose 
dimensions are h < 6/2 and M,—m,<$/2 and therefore its diameter 
does not exceed v/ h? + (M, — mM)? < 8/f2 < §. The same evi- 
dently also bolds for the highest cell All remaining cells of the given 
strip are rectangles and the diameter of each is less than 6, provided 
we Civide the interval M, < _y < m, into a sufficiently large number 
of (equal) parts. From these rectangles the lowest and highest are 
evidently boundary cells whereas the remaining ones are inner cells 


of our division. 


Part of the integral sum 


Lis Nn) A ks 
k 


which includes the rectangular cells of our chosen strip can be 
written in the form 


m—I 


y SF (eis gn) bh’, 


J=0 
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where h’ is the distance between two adjacent points of division of 
the interval (A¢7,,m,) andy; is an arbitrary number confined 
between two such adjacent points of division. 


But the sum 
m—1 


ee iyh’ 
l=0 
for h’ — 0 has the integral 


m4 


[Fu2) 
Mo 


as its limit. We therefore have, provided h’ is sufficiently small : 


m—I my 
DAcreD) be’ — | fur ey <he. (4) 
‘=0 Mo | 


But since 
My, Sq (xi) K My, my S Ge (xi) < Ma, 


therefore it follows from the inequalities (3) 


5 5 
@y (xi) — my < 3? M, — 2 (wi) si om, 


and hence 
91 (4) my 
| [ren & — | fleas) ¥ |= 
@g (x3) My 
| Me 1 (%) 
=| [feorot [feurdg| <I> = 08, 
2 (¥,) my 


where pz is the upper bound of the function | f (x, 9) | in the region 
D. It therefore follows from (4) 


m—I1 91 (x;) 
Ye (eay0 ah’ —h| fb | < he + hub < Qk, 
l=0 2 (x2) 


since there is no reason why we should not choose § < ¢/ p. 


\ 
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We have so far considered part of the integral sum which 
embraced the rectangular cells in one vertical strip chosen by us. 
Summing the result over all such vertical strips we obtain : 

n—1 94 (x;) 
YfGnm) Anh P- [f(e09) | < 2hen = 2 (6 — a), 

; ; 

i=0 92(%;) 


where the sum 2, includes all inner and some boundary cells of the 
given division. 


Let us now assume that 


23 (x) 
[f@0O=F@ @<s<d, 
2(x) 
so that F (x) is a continuous function of x in the interval (a, b) (see 


theorem 4§ 109). The last inequality can then be written in the 
form 


n—1 
es (Eastin) An — YF (xi) (tin — #4) | < 20 (6 — a). 


i=0 


But the sum 


Trt fon nd fF (x) dx 


i=0 


as h -> 0; we can therefore right from the beginning take / so small 
that this sum should differ from the integral 


1(*) 


by less thane. The last inequality gives us : 


b 
! YS Goan) Ms — | Fwa' <e[14+2(b—a)}. (5) 
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Finally we see that all cells of the described division 7 have 
diameters less than 5 and therefore the inequality (1) holds. But it 
follows from (1) and (5) 

b 
| 


\I— | F(x) dx 


| <2<e(1+6-— a). 


a 


Since ¢ is as small as we please and the left-hand side of the last in- 
equality does not depend on ¢, it is equal to zero and we obtain : 


1(x) 
[ [Ferree of sic dy dx. (6) 
D a@ a(x) 


This is the result at which we were aiming. We thus see that 
a double integral of a continuous function can be evaluated by means 
of two successive simple (single) integrations. On the right-hand 
side of formula (6) the inner integral is constructed in the way des- 
cribed in § 109 : the variable x plays the part of a parameter in this 
integral, z.e., it retains a constant value during integration ; not only 
the integrand but also both limits of integration depend on this para- 
meter x. Hence the inner integral as a whole is a continuous 
function of the variable x and must therefore be integrated with 
respect to x from a to b. 


It is obvious that the coordinates x and y are completely 
equivalent in all these arguments, and we can, if for some reason it 
is More convenient, integrate first with respect to x and then with 
respect to y; for this purpose we must select points on the contour D 
at which the ordinate assumes its least value y = c and its greatest 
value _y = d 3; these two points divide the contour into two parts — the 
right-hand side whose equation is x = , (y) and the left-hand side with 
the equation x = /,(y). We thus obtain as above: 


Uy 
| [Fo J) dx dy = j re y) dx dy. (7) 
D c vo( 9) 


Evidently it is not always easy to perform the two necessary 
simple integrations. However, in principle we have converted evalu- 
ation of a double integral into a problem which we have already 
studied and we can therefore regard our problem solved. Further, 
having at our disposal two equivalent formulae (6) and (7) we can, of 
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course, in each case choose the formula which is most convenient for 
our purpose; this choice depends on the nature of the function / (x, y) 
and the form of the region D, 


Example. The trihedral prism whose generating lines are parallel 
to the O<-axis, has its base in the XOY plane in the form of a 
triangle with vertices at the points A (0, 1), B (1, 0), C (— 1, 0). Find 
the volume of part of this prism confined between the plane XOY 
and the parabolloid of rotation z = x? + y® (fig. 78). 


We evidently have here a cylindrical body of the kind consi- 
dered in § 115. Here the base ABC of the prism is the region D as 
shown in fig. 79. ‘The equations of the straight lines AC and AB are 
respectively 


x=y—1, x= 1—y; 
we therefore obtain the following expression for the required volume 
1 1I-y» 
= {( (a? + y") dx dy -| | (x? ++ y") dhdy. 
D 0 y—I 
Here the inner integral is 


= 
: 241. 2 ae te 2/ 
| (x +) dr=| 9 +3 | =2y"(1—y) + 
y=] : 


elt 


(J ==)", 
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and we obtain: 
1 
Ves | 2% 1 -y +3 (1 — yf dy. 
0 


Further calculations present no difficulties. 


For further useful exercises ¢f Problem Book by B.P. Demido- 
vich, Section VIII, Nos. 7-15, 17, 23. 


§ 118. Substitution of variables in double integrals 


We already know the significance of transformation of the vari- 
able of integration in evaluation of simple (single) integrals (we only 
need to remind you of the rationalisation of integrals of irrational 
and transcendental functions carried out ina large number of examples 
in chapter 17 where whole classes of functional dependencies were invol- 
ved). Owing to the great freedom of choice of transformations we 
are able to replace in most cases the integrand by another simpler 
expression which can be integrated more readily. 


We must now develop a similar method for double integrals. 
We shall see that here a simple method for transformation of the 
variables of integration is also possible and this frequently facilitates 
evaluation of the integral. 


Let us assume that we are given the double integral 


{| S (x, 9) dx dy, (1) 


D 


where the function / (x, y) is continuous in the closed region D. 


Let us consider, apart from the x_y-plane, another wv-plane and 
a region D'in that plane. Let the transformation of the variables 


x == x (u,v), y = y (4, 2), (2) 


where the functions x (u, v), y (uw, v) are defined continuous and have 
continuous partial derivatives in the region D’, transform this region 
into the region D in the x y-plane (as considered in detail in § 105). We 
shall assume that the transformation of the region D’ into the region 
D, as effected by the relations (2), is 1—1 7.¢. that every point (x, y) in 
the region D can only be transformed into a single point (u, v) in the 
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region D’; that point (u,v) is given by the ‘‘reciprocal’’ transfor- 
mation 


uwsu(x, 7), v= v (x, ¥), (3) 


in which we also assume that the functions u (x, y), v (x, y) are conti- 
nuous and have continuous partial derivatives in the region D. Since 
in this case (cf. § 105) 


Diur) D(x, y) _ 


Dix,y) ° Duvy 


therefore both determinants are non-zero in the corresponding regions. 
We want to express the integral (1) over the region D inthe x y-plane 
by another double integral over the region D’ in the wv-plane. 


For this purpose we shall consider the division T of the region 
D effected by two families of straight lines parallel to the OX and OY 
axes ; let the distance A between two adjacent lines be the same for 
both families of lines so that the inner cells of the division TJ are 
squares with side kh, ‘This division corresponds to a definite division 
IT’ of the region D’ whose cells will, in general, have curvilinear con- 
tours. Let us take an arbitrary inner cell (square) A; of the division 
T in the region D with vertices at the points (xz, yx), (vx + Ix), 
(xno Pr fA), (ep + hy, + A); this cell will, in accordance with the 
transformation (3), correspond to another cell A’, of the division T” 
in the region D’. Let us first show that each cell is a measurable 
figure. 


The contour of the cell a’; can be divided into four parts in 
relation to the four sides of the square A ;,”). Let us consider one of 
these four parts, for example the part corresponding to the side 
Kp <x <x, + A, y = 39% Of the square A;. This side can evidently 
be expressed by the parametric equations 


d= u (x) Vi) U== U (x, 9x) (x3, < ad < Xk + h), 


where the derivatives 9 u/0 x and 9 v/d x are continuous in the inter- 
val (x;, ¥; +) and cannot vanish simultaneously, since otherwise the 
determinant D (u, v)/D (x, _») would also vanish, as we see, is impos- 


*Here and latter in order to give a strict theoretical basis to our arguments we 
should show that in a 1—1 and mutually continuous transformation of one region 
into another the boundary of one region is transformed into that of the other 
region. This proposition is true but its proof lies beyond the scope of our course. 
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sible. Since the same also holds for each of the three remaining sides 
of the contour of the cell A ;, therefore, in accordance with theorem 
7 § 144 this cell is a measurable figure. 


In. § 105’ we have seen that the ratio A’;/A , of the areas of 
two cells has as its limit the absolute value of the following determi- 
nant for h — 0 


D (u,v) 


D (x, 9) 
at the point (¥,;, _y,%) 3 thus for h + 0 
Auk D(x, 9) Ak + 0(A;)- 
Therefore, conversely 


Ar = Kp Al at Op Ans (4) 
where «, — Oas h-»> 0 and Ostrogradskij’s determinant should be 
taken at the point [w, = u (xp, yn), Us = Y (Xn; Ye) ] in the cell A’. 
Let us multiply the equation (4) by f (xz, 9%) and sum it over all cells 
of the region D: 


YF (Sis Jt) An = 


D (x, 
D (u, 2. (Agr Yo bm a0) hy Bhs (5) 


ieee YS (ts In) 


Let us now decrease the number # indefinitely and hence also the 
greatest diameter h 4/2 of the cells A; of the division 7. It follows 
from the final theorem of § 116 that the left-hand side of the equa- 
tion wil] have the integral (1) as its limit. Let us investigate the 
right- “hand side and begin by considering the second term. We have 
seen in § 105 that the numbers «, tend to zero uniformly with respect 
to the position of the square A, in the region D as h + 0; therefore 
no matter how smalle > 0 and provided / is sufficiently small we 
shal] have | & | << in all terms of the sum Sj f (x«, yx) &; Az and, 
therefore, provided / is sufficiently small: 


[2a (Xe ve) Cn Ax |<<, tf (Xns In) | An < ped, 


where pu deriotes the upper bound of the function | f (x, y) | in the 
region D. Since ¢ is as small as we please, therefore as h — 0 


lim Sy f (xt, Jn) % Ay = 0. 
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Let us finally consider the first sum on the right-hand side of the 
equation (5). Assuming, for the sake of brevity, that 


D (x,y) _ - 
D (u, v) ae F , v) 


and noting that 


Ap = (tz, Uns), Je =D (te; Ux)s : 


we can write this sum in the form 


SiS {* (Wes Ve), » (Uns Ve) | F Cas oe) | Aves (6) 
where the sum extends over all cells A’, in the region D’ which cor- 
respond to inner cells A, in the region D. But asa result of the 
transformation (3) the contour of the region D is transformed into 
the contour of the region D’ and vice versa (see footnote, p. 585). It 
therefore follows that inner cells of one region should correspond to 
inner cells of the other region and the same holds for boundary cells. 
The sum (6), which is extended over the cells of the region D’ corres- 
ponding to inner cells of the region D, must therefore be extended 
over all inner cells of the region D’. Ifh-> 0, the greatest diameter 
of these cells (as a result of uniform continuity of the functions 
u (x,y), v (x, y)) tends to zero and, as a result of the last theorem of 
§ 116, the sum (6) has as its limit the double integral *) 


[ [teeta 2), 9) Fe, | de a 7) 
D' 
Hence returning to the relation (5) and taking its limit for 4-0 
we obtain the formula 


[ [rsa dy =] [Fe 9,9 MIF | ded, (8) 


D D’ 
where 
Ox Ox 
ju oo 
JN yay) 
Cu GU 


and where D’ is a region in the wv-plane which is transformed into 
the region D in the xy-plane by the transformation x = x (w, 2), 
y = (u,v). This is the formula for the substitution of variables in 


*) We do not prove here that the region D’, like the region D, is a measure- 
ble figure 
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double integrals which we were trying to obtain. We can see that it 
is analogous to the corresponding formula for the substitution of the 
variable in simple (single) integrals 


b 


8 
[7 = [le lewd 


a 


where the interval a <x«<b is transformed into the interval 
a <i< 6 by the transformation x = 9 (t). The derivative 9’ (é) 
corresponds to the determinant 7 in formula (8) or, more strictly, to 
its absolute value. As with simple integrals the main purpose of 
formula (8) is the transformation of integrals into forms more suitable 
for calculation; however, a new factor is involved here which has no 
parallel to single integrals: the use of formula (8) often involves not 
only simplification of the integrand but also effect the form of the 
region of integration; if the form of the region D’ is simpler than 
that of the region D, then the integral will itself be greatly simplified 
and this simplification is so important that in order to achieve it, it 
is in some cases even desirable to complicate the integrand a little. 


Example. The most frequent type of transformation of varia- 
bles in a double integral is the transition from rectangular coordi- 
nates (x,y) to polar coordinates (r,@); in the simplest cases the trans- 
formation formulae are as follows: 

x=rcoso, y=rsing, 


and therefore 


Dig). cos @ — rsing | 


ay == ; — = 7, 
D (7, ) | sin © r COS © 
The general formula has the form 
| | ft y) aay = | | F (reose, rsing| r dr do. (9) 
D dD!’ 


This formula is particularly convenient in case the region D is a circle 
with centre at origin: 


et P <a; (10) 


it is evident that in this case the region D’ is a rectangleO <r <a, 
0 <0 < 2a. It is obviously much simpler to integrate round a 
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rectangle than round a circle; the reduction to‘two simple integra- 
tions as considered in § 117 gives for a circle (of the variables x, ) 
the following limits of integration 


a J a®— x2 
J of: 
— a —4/q2—x2 


and for a rectangle (of the variables 7, ©) it gives constant limits: 
a 2x 
00 

which in many problems considerably simplifies calculations *). 


Let us assume, for example, that we want to evaluate the 


ra {fe-e-# dx dy, 
D 


where D is the circle (10). Formula (9) gives: 
T= [ [ er? rarag, 
D’' 


where D’ is the rectangle0 <r < a,O<o9< 2z. It therefore follows 
from the results of § 117 that 


Paras a a 
ra [fret ar f dp = 2m |e ai 
0 0 0 


= iz (- + oe) oo x (l —e- 4). 


integral 


The reader should try to evaluate the same integral in rcctan- 
gular coordinates when he will encounter considerable difficulties. 


For further exercises cf. Problem Book by B. P. Demidovich, 
Section VIII, Nos. 34-36, 39, 40, 47, 49, 51, 53, 54, 86, 87. 


*) The fact that Ostrogradskij’s determinant vanishes at the centre of the 
circle does not effect the validity of formula (9) as can readily be shown. 
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§ 119. ‘Triple integrals 


In the last few paragraphs we had occasion to observe that the 
transition [from simple integrals to double integrals necessitated a 
detailed study of the region of integration, z.e. we had to use the 
theory of measurable figures, in spite of the close analogy existing 
between these two types of integrals. ‘The construction of the theory 
described in § 114 required considerable effort ; however, this effort 
is amply rewarded by the simplicity and accuracy of the subsequent 
construction of the theory of double integrals; it is even more 
important to note that § 114 can entirely and almost without modi- 
fications be extended to measurable sets in space of any number of 
dimensions and that, consequently, the theory evolved in this para- 
graph can serve as the basis for integrals of any multiplicity. 


In order to construct the theory for measuring sets in a three 
dimensional space we must follow the definitions and arguments of § 114 
step by step; the necessary changes evidently involve the replacement 
of nets of straight lines by nets of planes, i.e. parallelograms are 
replaced by parallelopipeds, circles by spheres, etc; however, the 
arguments of § 114 are essentially preserved without modifications. 


‘The triple integral 


| {| f(x, 9» 2) dx dy de, 


V 


where V is an arbitrary bounded measurable set in the three dimen- 
sional space and f(x, 7, z) a function defined in the region V, is said 
to be limit of the sum 


y) fleas Tks ) Ak 


which extends over all cells A; of a division 7 of the region VY, where 
(En, Gr, Gy) is an arbitrary point in the cell A;,; this limit is taken on 
the assumption that the greatest diameter of the division JT tends to 
zero and is independent of the effected division T and choice of the 
points (Cx, 4x) Gz) in the cells of these divisions. 


§ 116 can be extended to triple integrals without alterations. 
The practical evaluation of a triple integral is usually carried out by 
replacing a triple soaae: by three successive simple (single) integ- 
rations as we haveseen in $117 for double integrals. Thus we obtain 
for regions of sufficiently simple form 


DOUBLE AND TRIPLE INTEGRALS SOT. 


1 (x) Vy (x, 9) 


il S (x, 9, 2) dx dy dz -| | [ | SF (x59 Z) dz |b tds. (1) 
J 


: a a(x) Wo(x, 9) 


The inner integral is here taken with respect to z while x and y are 
parameters; the limits of this integral represent respectively the upper 
and lower bounds of values of z in the region V for given x and y; 
therefore the inner integral (in square brackets) is a function of x and 
y; this function is subsequently integrated with respect to y where x 
isa parameter; the limits of this integration are the bounds 4, (x) 
and 9.2(«) of y in the region V for the given value of x; a function of x 
(placed in crooked brackets) is obtained as a result of this second 
integration ; finally (the third integration) tnis function is integrated 
with respect to x, where the limits are the bounds of x over the 
whole region VY. It is evident that the above order of integration 
can be replaced by any other order (with corresponding changes 
of limits of integration) and this freedom in the order of integration 
should be used in each case to simplify the whole sequence of ope- 
rations, 


If we denote the inner integral on the right-hand side of 
formula (1) by ®(x, y), then the right-hand side as a whole can be 
written in the form 


bay fx) 
(x, 9) wt ax, 
a 9afx) 


which, according to § 117, is equal to 


| | © (x, ») de dy, 
D 


where D is the projection of the region Von the XOY-plane. Formula 
(1) therefore gives us: 


Wy(x, 9) 
{If S (x, Is ddvdyde= || | I (Xs Is 2) de} ded (2) 
V D Uolx, y) 


We thus see that triple integration can be replaced by the successive per- 
formance of one single and one double integration. 


In order to get used to the quick evaluation, from the given 
geometrical region of integration V of the limits of all three simple 
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integrals on the right hand side of formula (1) and also to the solution 
of the converse problem determination of the form of the region V 
from the given limits of the simple integrals, considerable practice 
isnecessary. Therefore good manuals on integral calculus contain 
many examples of this kind which are characterised by the fact that 
their solution not only involves integrations of any kind but even the 
type of the integrand must necessarily be known. 


Finally the formula for the transformation of variables, which 
is analogous to formula (8) § 118, also holds for triple integrals. If 
the transformation 


i= u(x, 9, 2)5 Oy U(x, Vs Zs = w (x, Is z) (3) 


maps I-1 the region V in the xyz-space into the region VY’ in the 
uvw-space, then, provided the usual requirements of continuity and 
the condition 7 ~ 0 are preserved, we have; 


II] I(*; 9, 2) dx dydz = 


= {f Six(u, v, w), nu, v, w), z(u,v, w)] | F | du do dw, 
Vv! 


where 


ya Dir nad _ |apare9 
D (u, v, w) Gu cu ow 


is Ostrogradskij’s determinant of the transformation 
v= x (Uu, v; Ww); J =p (u, Us Ww), a Z(u, v) w), 


which is inverse of the transformation (3). The deduction of this 
formula (which we shall not attempt here) is carried out in close 
analogy to the deduction of formula (8) § 118 if we see in advance 
that in the three-dimensional case (as in the two dimensional case) 
the absolute value of Ostrogradskij’s determinant can be interpreted 
geometrically as a specific ‘“‘coefficient of expansion” in the Hansiors 
mation of infinitely small bodies. 
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As in the two-dimensional case, one of the most frequent types 
of transformation of variables in a triple integral is the transition 
from rectangular to spherical coordinates : 


x = rcosecosy, 
y =r cososiny, 


Z=rsing, 


where 
O<r< to, ~><e<tt,0<b<rm 
We readily obtain: 
DAG, Zl 8 
DG, ey 


and the transformation formula takes the form 


i T(x, 9, 2) dxdy dz = 


r 


= | {| f(rcos? cos, r cosgsin y, rsin 9) r? cos 9 dr dp dv. 


This transformation is usually most convenient if the region of 
integration is initially the sphere 
ep P+ 2 <a’, 
and if the region V’ is the rectangular parallelopiped 0 <r <a, 
She Fey) ee OS aed) 2 A) ee 


For exercises to § 119 cf. Problem Book by B.P. Demidovich, 
Section VIII, Nos. 148—150, 158, 159. 


§ 120. Applications 


In this paragraph we shall briefly consider several applications 
of double and triple integrals to geometrical and statical problems. 


1. Area ef a surface. The area of a given part of a curved 
surface can only in a few isolated cases be solved with the help of 
elementary geometry. In general, this problem involves the methods 
of integral calculus. We shall see that the part played by a double 
integral in the solution of this problem is analogous to that played 
by the usual integral in finding length of an arc of a curve (§ 52). 
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Let us assume tha: we are given a part of curved surface which 
is intersected only at one point by a straight line drawn im a given 
direction which we shall take as the direction of the O%-axis. This 
part of the given surface can be expressed by the following equation: 


2= fp), (1) 


where we assume that the function f(x, y) is continuous and has 
continuous partial derivatives with respect to * and y. Let the 
projection of the given part of the surface (1) onto the XYOY-plane be 
a measurable figure D. 

We known (§ 99) that with the assumptions made with regard 
to the function f(x, y), the surface (1) has a tangential and a normal 
plane at every point of the given part; if we denote by Y the acute 
angle between this normal and the OZ-axis, then 

] 
/ 1a (VY 4 [BY 2) 
AI 3* Ge) +5) 
Cx oy 

As usual in geometrical applications of matheinatical analysis 
our problem ‘involves the definition of area of a part of a curved 
surface after which we must evolve an apparatus for the evaluation of 
this area. For this purpose let us divide the region D arbitrarily by 
the divison JT into cells for which we shall only demand that each 
cell must be a measurable figure and no two cells should have any 
common interior points. Let us select an arbitrary point (€;, 4;) in 
every cell A; and draw a perpendicular from this point to the XOY- 
plane to intersect the surface (1) at the point My (Ex, qu, Cx), where 
Cx = flés, %). Let us draw a tangential planc to the surface (1) at 
the point M,. In the neighbourhood of the point MV, the course of 
this tangential plane is close to the course of the surface (1) itself; 
hence this visual representation shows us directly that, provided the 
diameter of the cell A;, is very small, the measure 5, of the part of the’ 
surface (1) projected onto the cell A; should be very close to the 
measure G, of the drawn tangential plane projected onto the same 
cell. Summing this approximate equality over all cells we conclude 
that, provided the diameters of the cells are small, we are justified in 
taking the measure (area) of the whole part of the surface (1) in which 


~ 


cos Y =- 


we are interested (this mcasure is equal to ) 5,) as being close to the 
k 


> oa (3) 


k 


sum 
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therefore if this sum tends to a definite limit when the diameter of 
the cells become infinitely small, we naturally take this limit as the 
measure (area) of the part of the surface (1) in which we are 
interested, 


We shall now show that if the division 7 becomes infinitely 
fine, the. limit of the sum (3) always exists irrespective of the per- 
formed division and choice of the points (&;, q,) in the cells A,. Let 
us note the meaning of the quantity o;. We have chosen an 
‘arbitrary point (2; 7) in the cell A; and assumed that /(&;, )=Cx; 
we have also drawn a tangential plane to the surface (1) at the point 
Mien ‘Ges Cr)3 6 denotes the measure of that part of this surface 
whose projection into the XOY-plane is the cell A;. Since the angle 
between thcse two planes is evidently equal to the angle Y as 
considered above, therefore, in accordance with the general law 
connecting the area of projected figure and that of the projection*) 
we must have: 


A kt = OE COS Ys 


where the angle Y is obviously takcn for the point AZ; ; therefore as 
a result of (2) 


oars oo ee hh 
OSs Da mg = /] f x (3) is te) + f'? yo (2 ay i Ge) A; 


and; consequently 


Yion— h V1t fem 4a) Jer 2 iy Hp) Se 
k 


k 


But this sum has exactly the same formasthesum consideredin § 116; 
in accordance with the assumptions made with regard to @f/d% and 
afiey in agrcement with the results of § 116 it therefore follows that 


*) “The area of a projection is equal to the area of the projected figure 
multiplicd by the cosine of the angle between the two surfaces in question’, 
This rule is proved in elenientary geomctry for figurcs whose areas can be dctermined 
within the scope of this science. We have applic:l this rule toa more general case. 
In fact, we make use of the following proposition: “afthe projection of the given 
figure is measurable, then the figure itself is measurable and the measure of the 
projection is equal to the measure of the projected fi te ‘c multipl‘ed by the cosine 
of the angle between thc two surfaees in question”. ‘This general rule follows 
directly from the above rule of elementary geometry but we cannot go into this 


q uestion in greater detail, 
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the sum under consideration tends to the following integral asits limit 
when the division 7 becomes infinitely fine: 


$= IIa/ 1+ (AL) +@2Y dx dy, (4) 


which, according to the accepted definition, must be regarded as the 
expression of the area S of the part of the surface (1) in which we are 
interested. All necessary requirements concerned with the indepen- 
dence of the limit obtained from the elements of construction (i.e. from 
the choice fof the divisions J and the points (€;,,) in the cells) 
follow directly from the general theory of double integrals (§ t16). 


It is interesting to compare (4) with the formula 


b ate t es S A ot 
za ASCO 


which expresses the length L of an arc of a plane curve y = f (x} 
confined between x = a and x = 0 and note the close analogy between 
these formulae. 


Example. Find the surface area of a sphere of radius a, Tet us 
place the origin of a rectangular system of coordinates at the centre 
of the sphere so that the upper hemisphere is expressed by the 
equation 


=,/go py 
ee Aa cee 


let us take the equatorial circle x* + »? = a? as theregion D. We 
readily obtain : 


a x Of _ y 
ox J a — x — xy’ Oy fa@—xt— ye * 
therefore 


6 9G) a= ee 


and formula (4) gives us the area of the hemisphere : 
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or, changing to polar coordinates (v = rcos 9, y = rsin 9) 


as a a 
, 0 
=a | do | Sara 8 a2 = 2na(./@—py | =2na’, 
0 0 


=—4nra 
this formula is well-known from elementary geometry. 


For further exercises cf. Problem Book by B.P. Demidovich, 
Section VIII, Nos. 107, 109, 110, 118. 


The established concept of area of a surface has the disadvan- 
tage that it depends on the chosen system of coordinates (7.e. on the 
choice of plane onto which the given part of the surface is projected). 
We could show directly that this dependence is only imaginary (i.e. 
the area remains unchanged even if we alter the direction of pro- 
jection provided the part of surface is only intersected at one point 
by every projected straight line) ; alternatively, we could replace our 
definition, by another, a more complicated definition which would be 
completely free from all arbitrary elements. However, both these 
methods are too complicated to be considered here. 


If the part of the surface whose area we are trying to find does 
not permit the expression of one of its coordinate axes as a single- 
valued function of the two other axes (such is, for example, every 
closed surface), then it is frequently possible to divide this part into 
a finite number of simpler parts so that such an expression is possible 
(in general, it is necessary in such cases to choose different directions 
for the projection of individual parts). ‘The area of the whole part is 
then equal to the sum of the areas of the constituent “‘simpler”’ parts. 


2. Integrals over parts of surfaces. In § 52 we have defined 
the [length of an arc of a curve and introduced the concept of an 
‘integral along a given section of acurve’. Similarly, having defined 
the area of a part of a curved surface, we can use the concept of 
“double integral over the given part of the surface’ which is naturally 
a generalisation of the usual double integral over one or other plane 
region. 


Let S be a part of a surface of the type considered at the end of 
example 1 and let (x,y, z) a continuous function in a region in 
space which contains the part § within itself. Let us divide the part 
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S arbitrarily into cells, each of which has a definite area and choose in 
every cell o;, an arbitrary point (*;, 72, 2x). Ifthe sum 


» F (Xn, Dh Zn) 07; 
k 


tends to a definite limit when the division becomes infinitely fine (7.e. 
when the greatest of the diameters of the cells tends to zero) and if 
this limit is independent of the performed divisions of the part S and 
choice of the points («;, yz, Zz), then we say that this limit is double 
integral of the function F (x,y, z) over the given part S of the surface and 
denote it by 


{| F (x, 9, z) do. 
S 


This concept has many applications which are similar to those 
of an integral along a given section of acurve. In § 54 we have used 
this integral to express the mass of a material curve whose density of 
which at every point is known. Problems involving mass, electric 
charges, etc. on material parts of surfaces are solved in the same 
manner. Let us consider, for example, a charged electric conductor 
whose charge is distributed over its surface with a (surface) density 
o (x,y, 2). The reader will have no difficulties in showing for himself 
that the part S$ of this surface will have a charge equal to 


I e (x, 9, 2) do. 


3. Mass of a heterogeneous body. As the simplest example of 
the use of a triple integral let us determine mass of a heterogeneous 
physical body with refererce to its density. If the given body is 
homogeneous, 2 ¢. its density e is the same at every point, then its mass 
M is equal to the product of the density ep and the volume of the body 
V. If the body is heterogeneous, then its density p = p (x, y, z) is different 
atdifferent points. Let us divide the given body arbitrarily into cells 
and let d (7) be the greatest diameter of a cell of the given division T. 
Let us take an arbitrary cell A; and select an arbitrary point 
(En) Gry Cx) in it. We shall assume that the function 09 (a, y, z) is 
continuous within the given body. If the diameter of the cell A ,; is 
very small, the values of the density e at different points will be very 
close to one another and also close toe (&;, 4;,0,). It is therefore 
natural to assume that the mass of the cell A ;, will be close to the 
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mass which it would have if it were homogeneous and its density 
equal to e (Ex, nx, Gx), 7-€. it will be close to 


p (Gas Y ko Cr) A Ih 


the mass of the whole body should be close to the sum 


y) p (Sins Qk Gr) A ko 
k 
taken over all the cells of the body. But we know from § 119 that 


this sum tends to a definite limit as d(T) — 0 which we can denote 
by 


{I e (x, 9, Z2)dxdy dz, 
V 


where V is a region in the three-dimensional space occupied by the 
given body. We naturally take this limit as the expression of the 
mass Af of the given body : 


M =||J[ 0 (9, 2) dx dy dz. 
V 


4. Coordinates of centre of gravity and moments of inertia of a 
body. The apparatus of double integration enables us to find easily the 
coordinates of centre of gravity and moments of inertia of plane 
plates while the apparatus of triple integration enables us to do the 
same fer bodies in space. We shall only consider bodies in space, 
since the arguments and results for plane plates are exactly the same 
as those which we shall obtain in the three dimensional case. 


We shall again divide our body into cells with small diameters 
and choose an arbitrary point (€;, 4; ¢,) in each cell Ay. IPf we 
replace each cell A, by a material point with the mass 

0 (Sas Ves Sn) Ax 
situated at the point (€;,%4,¢,), then the given body will be replaced 
by a system of a finite number of material points whose statical pro- 
perties will be close to the given body. For such a system of material 
points the coordinates of centre of gravity will be as follows : 


ae 2 (Cus Gis Ge) Ak ae 0 (Ens Tres Sr) Ar Vee (Ens Mer Se) Ar 
5 k k 


; — 
ye (En, Tes Sr) Ar Yip Ens Tins Sn) Ak yi (Ens Nits Se) Ax 
k 


= at ae 50 
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Therefore we naturally take the limits x, y, z of these three expressions 
for d(T) > 0 as the coordinates of centre of gravity which are respec- 


tively equal to 


| {| xp (x,y, z)dxdydz {{[> e (x, 9, z) dx dy dz 
_ V 
I= s 


({{ e(x, y, z)dxdydz 
V 


ij 


eae — 
(ff P(x, », Z) dxdy dz 
V 


iil Ze (x, y, 2) dxdydz 


: eh ier: 
{I e(x, y, z) dxdydz 
V 


or denoting by M the mass of the given body 


a 1 _ 1 
= vail xedxdydz, y = ia | || vedrdvas 
V V 


- 1 
Z= valll zP dx dy dz 
V 


(where for the sake of brevity we write P instead of p (x, y, z) under 
the signs of the integrals). In particular, if the given body is homo- 
geneous (2.¢. ep is constant throughout the body), then Af = eV and 


— 1 _ 1 
= alll xdxdydz, y = alll ydx dy dz, 
V V 


eee lige 
V 


Let us now consider moments of inertia of the given body and 
again begin with the replacement by the approximate system of a 
finite number of material points as described above. For such a 
system moment of inertia with respect to the XOY-plane will be: 


») as P (Ens Ake Cn) Ax 
k 
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and slmilarly for the two other coordinate surfaces (planes). The 
moment of inertia with respect to the OX-axis will be: 


Y) Cree + Ce) Ens Mes Se) Ar 
k 


and similarly for the other two coordinate planes. Finally moment ’ 
of inertia of the approximate system with respect to the origin O of 
coordinates will be: 


Using the same arguments as those used in finding the coordinates of 
centre of gravity we find that moment of inertia of the given body 
with respect to the XOY-plane is equa] to: 


Ma = {ff ze (x,y, z) dx dy dz 
V 


and similarly for the other two coordinate planes. Similarly moment 
of inertia of the given body with respect to the OX-axis is equal to 


Mz = {| | (<2 + 9) e (x,y, z) dx dy dz. 
V 
Finally moment of inertia of the given body with respect to the 


origin O of coordinates is equal to: 


M, = {{] (x? + y? + 2°)o(x, 9, 2) dx dy dz. 
V 


For exercises cf. Problem Book by B.P. Demidovich, Section 
VIII, Nos. 191, 193, 200, 201. 


CHAPTER XXVIII 
CURVILINEAR INTEGRALS 


§ 121. Definition of a plane curvilinear integrai 
In chapter 26 we have studied fa of the type 


| Aa x, 9) ) dx, 
a 


where the variable » is a parameter, i.e. it remains constant during 
integration. Direct generalisation of the part played by the variable 
y will be the case when, within the limits of integration (2.e. when 
a<x <b),y is given as a function of x,y = 9(*), so that the 
integrand becomes f[x, © (x)]. If, as we shall assume, the functions 
J (x, 9) and 9 (x) are continuous in their corresponding regions, then 
the function f[x, 9 (x)] will also be continuous in the interval a<x<d 
and there is no doubt as to the existence of the integral 


b 


| sls ey) ae (1) 


a 


Let us denote the beginning and end points of the curve y = 9{(x) 
in the interval (a, 6) respectively by A and B (fig. 80). In this case 
the integral (1) is called a curvilinear integral of the function f(x, ») with 
respect to x along the curved interval AB and denoted as follows: 


| Fo, 3) ax ; (2) 
AB 


this notation implies that y should be replaced by the function of x 
whose graph is given by the curvilinear interval AB. Thus if » 


602 


‘ 
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retains the constant value 7) during integration (the case of an 
integral depending on a parameter), then the integral (2) is taken 
along the rectilinear interval y = y)(a@ < x < 6) and the coordinates 
of the points A and B are respectively equal to (a, y) and (4, y). 


This concept of curvilinear integral along an interval of a plane 
curve evidently contains nothing new apart from the fact that we 
agree to denote the integral (!) by the symbol (2). We must draw 
attention to the fact that in this notation the direction (from A and B) 
on the curve AB is important; in fact it follows from the definition 
of the symbol (2) that 


a 


b 
| 1204 2) r= | fls 9 (x) dx = — ie e(x)]dx = 


= — [fs adv, 


i.e. if the direction of the curve along which we integrate changes, the sign 
of the integral is reversed. 


This initial definition of a curvilinear integral has very limited 
applications, since very restrictive conditions are placed on the 
interval AB, i.e. y must remain a single- 
valued function of x along the course of , B 
the curve (or, speaking geometrically, any 
straight line parallel to the OY-axis must 
intersect this interval at one point only); 
in practice one must often integrate along 
interval of much more complicated form; 
thus in many problems of mechanics and 
physics it is important to integrate along @| a 6b 4 
simple closed curves which, of course, do not Fig. 80. 
satisfy the above conditions of the simplest 
case. We must therefore try to evolve an analytical instrument 
which would enable us to extend the concept of a curvilinear integral 
to a wider class of cases. 


Let us then return to the simplest case considered above and 
assume that the function ¢(x) represented by the curvilinear interval 
AB is not only continuous in the interval (a, 6) but also has a conti- 
nuous derivative in that interval. Let us divide the arc AB into 
subintervals (‘‘cells”) by the points of divirion A, Ag,.--,4, and denote 
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the length of the subinterval A,-) A, of this curve by A;. We know 
{§ 52) that A; can be expressed by thc integral 


Xe 
= | V1 + 0(x) dx, 
AK~1 
where +,-; and x; are respectively the abscissae of the points 4;,-, and 


A, on the curve AB. According to the mean-value theorem we can 
therefore write 


ee race Q) 


whcre A; = Xz — Xz-1 and Z, is a point in the subinterval (%;.-3, +x). 
We also note that since o’ (&;) is the tangent of the angle «, made 
by the tangent to the curve AB at the point x = £, and the positive 
direction of the O.X-axis, therefore 


] 


COS” &, 


1 + 9’ (Ey) = sec? ay = 


and the relation (3) gives: 
Ny COS & = Ary 


where we must take cos ¢, > 0 which implies that g, i.e. the angle 
between the tangent and the OX-axis, is acute, (or, which is the same, 
we must direct the tangent towards increasing values of x). This 
choice of direction of the tangent is necessary if we want A; cos «, to 
have the same sign as A; since, in accordance with our assumption 
that a <6, we have Ay = x, — Xr-y > 0. If we had a > 4, then 
we would have A; < 0 for every &; hence the preservation of the 
relation A; cos a, = A; demands that cos a, < 0; therefore in this 
case the angle «, must be acute, 7.e. we must direct the tangent 
towards decreasing values of x. Hence in all cases the direction of the 
tangent nust be chosen in relation to the movement along the curve Srom A to 
B, regardless of whether this movement takes place from left to right 
or from right to left. 


Lct us now construct a sum saa: over all cells 


XL J (es Gn) COS My » Nr = 276 Sk Tx) Ans (4) 


where in each term 4, = o (&;). We shall make the division of the 
interval AB sufficiently fine so that the greatest length A; (and hence 
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the greatest length A;,) should tend to zero. Since, in accordance 
with our assumptions, the function f[x, @ (x)] is continuous in the 
interval (a, 6), therefore the right-hand side of the equation (4) will 
tend to the following integral as to its limit: 


b 
| f [x 2 (x)] dx, 
a 

which we agree to denote by the symbol 


[ f(s) as 


AB 


and call as curvilinear integral of the function f (x, y) along the curve 
AB. Hence the left-hand side of the equation (4) also tends to this. 
limit, z.e. we have: 


[s (x, 3) dx = lm Y f lbs ? (E)] COS %, . Ape (5) 
i k 


If, in general, we agree to denote by « = «& (x, 7) the angle 
between the tangent at the point (x, y) to the curve AB and the posi- 
tive direction of the OX-axis, we shall have «, = « (&%, yx); the sum 
on the right-hand side of the equation (5) can then be written in the 
form 


» f (én: Tir) COS & (Ex; Tix) Aj; = i Pr (4x5 “r) Ans 
k k 


where F [x, 9 (x)] = f[x, @ (x)] cos « [x, 9 (x)] is a continuous func- 
tion of x in the interval (a, 6). But, as a result of our assumption on 
continuity of the derivative 9’ (x), the curve = © (x) can be exten- 
ded along the interval (a, 6) and for such curves the sum 


i} fr (En; Gil Atey 
k 


where (2)., 7%) is an arbitrary point on the line A;, tends to a definite 
limit when the division becomes infinitely fine (§ 57); we agree to 


denote this limit by 
[Fanaa 
AB 


and call it integral of the function F (x, y) along the curve AB, 
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Thus in our case 


b Stee @ (&%)] cos % [2,9 (Gx) ] Ax | F (x, y) cos % (a, x) dA. 


AB 


Comparing this with the relation (5) we obtain: 


~~ 


le (x, ») dx = [re y) cos a(x, y) dA. (6 
AB 


AB 


The left-hand side of this equation is a curvilinear integral along the 
interval 18 in the sense defined at the beginning of this paragraph. 
‘The right-hand side represents an “‘integral along the curve AB” as 
defined in § 52. The latter definition differs essentially from the 
former, for it is constructive and the integral defined by it results 
from a definite construction i.e. it is a sum of a definite form. We 
can therefore regard the relation (6) as a new constructive definition 
of a curvilinear integral. Let us note further that « (x, ») denotes 
here the angle between the positive direction of the OX-axis and the 
tangent to the curve AB at the point (4, y) drawn in the direction of 
movement from A to B i.e cos « (x, y) > O for a< 6b and 
cos % (x,y) <Ofora> 8. 


So far all that was said only referred to the simplest ‘case when 
the given curve was expressed along the interval AB by the equation 
y =o (x). Hf this is not so, the inte- 
gral on the left-hand side of the equa- 
tion (6) is meaningless, for then each 
value of x on the curve AB corres- 
ponds, in general, to several values of 
y. However, the position is quite diffe- 
rent for the integral on the right-hand 
side of this equation. The construc- 
tive definition given to this integral in 
§ 52 is independent of the fact that 

Fig. 81. the curve AB can be represented by 

an equation of the form _y = (x); it 

remains valid in more general cases and, in particular, it holds for 
all ‘‘smooth”’ curves AB. In these general cases the direction from 
A to B in which the curve is described will, in general, no longer be 
always from left to right (or always from right to left); in different 
intervals of the curve AB this direction can vary (fig. 81) so that the 
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angle «(x, ») can be acute and obtuse and cos «@ (x, y) will be corres- 
pondingly positive and negative. For the integrand on the right-hand 
side of the equation (6) we draw, as before, a tangent from 4 to B in 
order to define the angle « at every point. 


These considerations naturalJy lead us to define a curvilinear 


integral 


[s (x,y) dx 


AB 


by the equation (6) in all cases in case the integral on the right-hand 
side of this equation exists; we have just shown that this cxtension 
of the concept of curvilinear integral enables us to integrate along a 
wider class of curves which aJso includes scme of the simple closed 


curves, e g. circles, ellipses, etc. 


Taking the general] definition of a curvilinear integral as given 
by formula (6) we identify the concept of a curvilinear integra] with 
the concept of an “integral along an extended curve AB” as given 
in § 52. However, this is not quite so. In fact, in our former defini- 


tion of the integral 


| F (x,9) da, 
GC 


taken along the extended curve C, the integrand only depended on 
the point (%,) on the curve C; in our case the integrand /(«, 7) 
cos % (x, y) on the right-hand side of formula (6), apart from depend- 
ing on x and y, also depends essentially on the direction ofthe tangent 
to the curve AB at the point (x,y). If this direction is changed, 
cos « (x, y), and hence the integrand as a whole, reverses its sign. The 
former definition of an “integral along the curve C”’ is independent 
of the direction in which the curve C is described; in fact, according 
to this definition, the choice of this direction is quite irrelevant for 
this integral. For the integral on the right-hand side of the equation 
(6) the -position 1s quite different. Having established a definite 
direction on the curve AB, say from «a to B, we simultaneously 
determine a definite direction at every point on the tangent to this 
curve; thus cos @ (x,¥); and hence the integrand as a wholc, receives 


a definite value at the point (x, y) and ourintegral becomes an “inte- 


eral along the curve AB”. If wechangc the direction along the curve 
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AB, then the integrand changes its sign at every point and therefore 
the sign of the integral will also be reversed : 


[£659 dx = — [fees a, 
BA AB 


and the reason for this difference of signs is, as we can see, due to the 


fact that formula (6) defines [fas and [sax by means of two differ- 
AB BA 


ent ‘integrals along the curve AB”’. 


In curvilinear integrals the curve along which we integrate is 
frequently denoted by a single letter, for example by C; but this 
notation does not show us the chosen direction on this curve and in 
such cases this direction must always be discussed, for otherwise the 
integral has no definite meaning. ‘Thus if the curve C has ends 
A and B, it is usually denoted as AB or BA in accordance with the 
chosen direction of integration. If the curve C is closed and has no 
ends then in simpler cases it divides the plane into two parts — the 
interior and exterior. In such cases we call the direct way when 
direction of describing the curve where the interior always remains 
to the left of the path and the reverse way when the curve is des- 
cribed in the opposite direction. If the curvilinear integral is 
denoted by 


| F (x, y) dx, 
C 


where C is a closed curve, then in cases where nothing is said about 
direction it is assumed that a direct description of the curve is envi- 
saged ; we shall keep to this rule in future. 


It is self-evident that all that is said in this paragraph in 
relation to integrals of the form 


[ F(s9) as, 
AB 
can be extended without modifications to integrals of the form 


[sn &, 


AB 


CURVILINEAR INTEGRALS, 609 


If the interval AB along which we integrate can be expressed by an 
equation of the type 


f= O(y) “ee > <a), 


we assume by definition 


[rod = [rte 6 


AB 


Similarly to formula (6) we then prove that in this “simple” case 


[J (%9) by = [£G,9) sin a ar 7) 
AB AB 


(since for the acute angle 8 between the tangent to the curve AB and 
the OY-axis we evidently have cos 8 = sin«) and we take this 
formula as the definition of its left-hand side in every case when its 
right-hand side has a meaning. It is evident that in this case the 
direction of the tangent at every point (and hence also the sign of 
sin «) is chosen in accordance with the direction of the curve AB 
itself. 


In practice one frequently meets sums of the form 
[ Pty) de + [2 ore, 
AB AB 


whose terms differ from one another by their integrands and vari- 
ables of integration but where the integrals are taken along the same 
curve AB. In such cases it is customary to write the sum in the form 


[ G2) de + O39) b 
AB 


or, more briefly, 


(P dx + Qdy). 


Oe 


It follows from the formulae (6) and (7) that 


| (P dx+ Q dy) = | (P cosa + Q sin a) dA. (8) 
C Cc 


For exercises to § 12] ¢f. Problem Book by B.P. Demidovich, 
Section VIII, Nos. 293, 295, 299. 


610 A COURSE OF MATHEMATICAL ANALYSIS 
§ 122. Work of a plane field of force 


Curvilinear integrals find many applications in geometry, 
physics and technical problems. Before proceeding further we shall 
consider one of the most important and at the same time most 
typical examples of this kind. 


In § 45 we have already considered the work done by a vari- 
able force when a material point moves along a rectilinear path; 
we shall now consider the same problem on the assumption that the 
point moves along a plane curve. 


Let a material point situated at the point (x,y) in the given 
plane be subjected to the action of the force # whose magnitude and 
direction are uniquely defined by the coordinates x and y of the 
point at which it is situated. ‘Thus a definite vector / which expresses 
the force acting on the material point situated at the given spot is 
associated to every point in the plane (or each part of the plane). 
The set of these vectors is known as the plane field of force defined in 
the given plane (or in a definite part of it). 


Let us now assume that the material point travels along the 
interval AB of a given smooth curve in the plane in which the field 
of force F is given. We are trving to find the work of this displace- 
ment done by forces acting in this field. In order to define a field 
of force it is very convenient to define the components P(x, y) and 
Q (x, y) of the vector (force) F in the direction of the axes OX and 
OY; we assume that these two functions are continuous in the region 
which contains the curve AB within itself. 


Let us divide the route AB of the material point into sub- 
intervals (cells) Aj, A:,..., A, and choose an arbitrary point A,(x,, y,) 
in every cellA,. Let /, denote the vector (force) acting at the point 
A, and | F,| the absolute value of this vector. Let 9, denote the 
angle between the vector F;, and the tangent to the curve AB at the 
point A, taken in the direction of motion (or, which is the same, the 
velocity vector of the moving point at the point 4,). If the sub- 
interval A; has the same length but is rectilinear and follows the 
direction of the above tangent and the force acting in this subinterval 
is constant and equal to the vector F,, then the work done by this 
force in passing through the given point in the interval A, would, in 
accordance with the law of elementary physics, be equal to the 
product 


J 
| Py, 


COS 9; + Ax. 
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If the cell A, is small while the vector F and the direction of the 
tangent to the curve AB change continuously as the positions of the 
given point change, then the above product gives an approximate 
expression of the work of the field done in displacing a moving point 
along the subinterval A,. And since we naturally assume that the 
work of the field along the whole length of the curve AB is equal to 
the sum of the ‘‘elementary”’ works along its individual subintervals, 
we obtain the following expression which gives the approximate value 
of this sum 


n 


y Fy, | cos Px + Ags 
k=1 


this approximation will be more accurate if the dimensions (dia- 
meters) of the cells A;, become smaller. We know ($52) that if the 
division of the interval 4B becomes indefinitely fine, this sum tends 
to a definite limit which is independent of the divisions and choice of 
the points (x;,, ,) in the subintervals; we naturally take this limit as 
the exact expression of the work of the field along the interval 4B of 
the given curve. Under these conditions we shall agree to denote 
the limit of this sum by 


| | F | coseda, 
AB 


where | /'| cos 9 denotes the projection of the vector (force) acting 
at the point (x, y) on the curve AB on to the direction of the path at 
that point. But in accordance with vector algebra the projection of 
the vector in any direction is equal to the sum of the projections of 
its components in the same direction; therefore if we denote by 
o = «(x, y) the angle between the positive direction of the OX-axis 
and the velocity vector of the moving point at the point (x, y) we 
obtain: 


| Fl cos @ = P(x, y) cosa + Q(x, y) sin a, 


which gives us the following expression for the work of the field along 
the interval AB : 


Wwe= | {P (x, y) cosa + Q(x, y) sin «} da, 
- AB 
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or, in accordance with formula (8) § 121 


W = | {PG 9) de + O69) 
AB 


which fully solves our problem. We thus see that the physical 
concept connected with this problem can be accurately formulated 
in mathematics by means of the general concept of a curvilinear 
integral. 


§ 323. Green’s formula 


In practice curvilinear integrals round closed curves are very 
important; in this and the next paragraphs we shall pay particular 
attention to such integrals. ‘The regions of integration will in ali 
cases be smooth curves, i.e. curves which do not intersect themselves ; 
such curves, as we already know, always divide a plane into two 
parts — the exterior and the interior. Denoting such a contour by L 
we shall take the integral 


[e dx + Q&), 
L 


as is usually accepted, to denote an integral in which the curve LZ is 
described the “direct”? way, 7.e., such that the interior of the plane 
always remains to the left of the direction of movement (fig. $2). The 
opposite direction is called the “reverse” way. 


Let us consider a region D in the XOY-plane bounded from 
above and below by the curves » = 9, (x) and y = 92 (x) respectively 
and from sides by the straight lines x = a and x = b (fig. 83). Both 
straight lines (or one of these lines) can degenerate into points so that 
the curves y = 9, (x) and y = 93(x) meet atx = a@and x = b; we 
shall assume that the functions 9, (x) and 9, (x) are continuous in the 
interval (a, b). Let P(x, ») be a continuous function with continuous 
partial derivatives inside and on the boundary of the region D. We 
know from the previous chapter that under these circumstances the 
double integral 
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exists and can be represented in the form 


b 21 (x) : 

0G 

— dy > d: 
J ay : 
a a(x) 


The inner integration (with respect to y) is, as usual, carried out on 
the assumption that x remains constant; in this case we evidently 
have 


ue 
‘ ey dy = P[x, 0, (x)] — Plx, %¢ (x)], 
2(x) 


and we obtain: 
b b 
oP 
ay dx dy = | P[x, 9,(x)] dv— | P[x, Po (x)) dx. 
D a a 


In accordance with the initial definition in § 121, each integral on the 
right-hand side represents a curvilinear integral of the function 


se 


Y= 0,(2) 


a, 
hae 
Ria 82 Fig. 83 


P(x, y); the first integral is taken along the interval DC of the curve 
-y =, (x) and the second along the interval AB of the curve y=9%o(x). 
We can therefore write 


oP i X, = 
INe5 dx dy = iy (x, y) dx {PG y) dx 


—_— — | Pin: jade= | P (x, y) dx. (1) 
cD AB 
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Let us now note that integration of the function P (x, y) with respect 
to x along any one of the rectilinear intervals AD and BC (in any 
direction) gives zero; in fact, the integrals along these intervals 
cannot be defined in the sense given in § 121, since y is not a single- 
valued function of x in these intervals; but the wider definition of 
§ 121 can be applied and it gives zero for both integrals since 
evidently cos « = 0 in the whole length of each interval. 


With this in consideration we can rewrite formula (1) in the 


form 
{j= dx dy = — | Pax = hs — [Pa — | Pa, 
D AB 


CD DA 


Jay eo= ~ | Po) a (2) 


where Z is the contour of the region D which, in accordance with 
our agreement, is described in the direct way. 


or 


Let us now imagine that the variables x and _» are interchanged 
in all the above arguments ; in that case instead of the shape repre- 
sented in fig. 83 the region D will have 
the shape shown in fig. 84. Let Q (x, 9) 
be a continuous function with continuous 
partial derivatives in this new region D. 
The reader should perform all calcula- 
tions in full analogy to the above and 
prove the following relation : 


[[Bag=foede, © 
D E 


Fig. 84 


which is analogous to the relation (2) but differs from it in the sign 
of the right-hand side. This difference which may at first appear 
strange is due to the fact that in the choice of a definite direction to 
describe closed curves the mutual position of the coordinate axes 
loses its symmetry; by describing a circle with centre at origin of 
coordinates in the direct way (fig. 85), we must in transit from the 
positive direction of the OX-axis to the positive direction of the 
OY-axis describe an arc of 90° whereas the reverse description 
involves an arc of 270° (or an arc of 90° in the opposite direction). 
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Let us now assume that the shape of the region Dis, as shown in fig. 83 
and fig. 84 (this condition is satisfied by every circle, ellipse, rectangle 
and more general figures of the type shown in fig. 86). If P (x,y), 
Q (x, y) are continuous functions with continuous partial derivatives 
inside and on the boundary of the region D, then both relations (2) 
and (3) hold. 


Subtracting (2) from (3) we obtain : 


| | ee = ae dx dy =| (P dx + Qdy). (4) 
D L 


This most important relation which connects a double integral 
with a curvilinear integral and has numerous applications is usually 
known as Green’s formula. We have proved 

this formula for regions of specific form. 

However, Green’s formula can be readily 

extended to a much wider class of regions. In 

fact, let us consider a region D bounded by a 

simple (smooth, ie. not intersecting itself) 

contour (Fig. 87) and draw a smooth curve 

i to divide this region into two regions D, and 

D.. Assuming that Green’s formula holds in 

both regions D, and D.,, we can write it for 

these regions and add the two formulae term- 
RISC by-term. We then obtain on the left-hand 


side the double integral 


6Q 2) 
| | ‘ Ox ay aD 
D 
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while on the right-hand side we have a sum of two curvilinear 
integrals taken along the contours of the regions D, and Dg» 
respectively in the direct way. The arrows 
in fig. 87 show that these integrals describe 
the curve / in opposite directions as a result 
of which their corresponding parts cancel 
each other; the remaining parts of the 
integrals evidently give one integral taken 
along the contour L of the region D in the 
direct way ; we thus see that if Green’s 
so formula holds in the regions D, and D,, 
Fig. 88 it also holds in the region D. By repeating 
this argument we readily find that this 
result remains valid if the drawn lines divide the region D into an 
arbitrary number of regions, provided Green’s formula holds in each 
region. Hence this formula holds not only in regions of specific 
form for which we have proved it above but also in every other 
region which can be divided into a finite number of regions of this 
kind by means of corresponding curves And as can readily be seen, 
this gives a very wide class of plane regions. Green’s formula also 
holds in the so-called “‘multiply-connected” regions with “holes” 
(fig. 88), z.e. in regions which are bounded not by a single curve but 
by several closed curves, provided this region is the sum of regions of 
the simple type considered above. ‘The curvilinear integral on the 
right-hand side of Green’s formula then represents the sum of 
integrals round the outer contour of the region D and the contours 
of all the “‘holes’’, where each contour is described in the direct way, 
z.e. such that the region D always remains to the left of the direction 
in which the contour is described. 


Finally it can be shown that Green’s formula also holds in 
every region bounded by a smooth closed curve. For this purpose 
we must begin by proving that the region bounded by a polygon 
(broken contour) is always equal to the sum of regions of the type 
considered above so that Green’s formula can be applied to every 
polygon. After this we inscribe in the given polygon another 
polygon with very small sides and apply Green’s formula to it; 
assuming that the sides of this polygon become infinitely small we 
can show by a limiting process that the relation expressed by Green’s 
formula also remains valid for the given region boundcd by asmooth 
contour. We cannot give details of this proof here. 
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For exercises to § 123, cf Problem Book by B.P. Demidovich, 
‘Section VIII, Nos. 341, 342. : 


§ 124. Application to differentials of functions of 
two variables 


Apart from being theoretically important Green’s formula finds 
many applications in problems of physics and mathematical analysis. 
‘One of the most important applications of this kind is considered in 
this paragraph. 


Let P (x, 7) and Q (x, y) again denote two continuous functions 
with continuous partial derivatives in a region D in the xy-plane. - 
For the sake of simplicity we shall assume in all that follows that the 
region D and all other regions which we shall meet inthis paragraph 
-are open (i.e. consist of interior points only) that they are connected 
(i.e. they have no ‘“‘holes’’?) and bounded by simple (non-intersecting) 
. smooth contours. 


We know (§ 90) that if the expression 
P (x,y) dx + Q (x, 9) a& (1) 
is differential of a function F' (x, y) in a region D, then in’ this region 


29) = 2 0) 


-conversely, as a result of the assumed continuity of the functions P 
and Q, it follows from the relations (2) that the function F (x, y) has 
a differential in the region D which is expressed by formula (1). It 
is obvious that for some analytical problems it is essential to have a 
criterion in order to determine whether the expression (1) will be 
- differential of a function of two variables in the given region. We 
shall see that Green’s formula enables us to establish the necessary 
and sufficient condition for this purpose which must he satisfied by 
the functions P and Q; in fact, we shall deduce not one but three 
-such necessary and sufficient conditions (which are, of course, equi- 
-valent but expressed in different terms). 


Theorem. For each of the following four statements : 


1° the expression P dx+-Q dy is a differential of a function F (x, y) 
.in the region D: 


2° we have @P | Gy = GQ/ Ox everywhere in region D; 
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3° the curvilinear integral 


| (P dv + Q dy), 


round any smocih closed curve which lies entirely within the region D is equal’ 
lo zero; 


4° the curvilinear integral 


| Crom) 
AB 


only depends on the points A and Bin the region D and not on the path: 
joining these points along which it is taken, provided this path is a smooth 
curve and lies entirely within the region D; 


— the other three are corollaries. 


This theorem also shows that any of the three conditions 2°, 3° 
and 4° can be the necessary and sufficient condition for the expres- 
sion P dx + Qdy to be a differential of the function F (x, y) in the- 
region D; we shall also see that the proof of this theorem will enable 
us to find an expression for the function F (x,y) in all cases when it 
exists, 


In erder to prove this theorem we shall begin by establishing - 
four auxiliary propositions whose set will be equivalent to this- 
theorem. 


Lemma 1. 2° follows from 1°. 


Proof. It follows from P dv + Q dy = dF that 


_ oF _ oF 
OR Oy’ 
therefore 
7 or dQ _ oF | 
Oy Ox Oy’ ox oy ox’ 


since the functions 0P / dy and @Q_/ dx are continuous, therefore the- 
righthand sides of these equations are equal to one another; hence- 
the left-hand sides are also equal and lemma 1 is proved. 


Lemma 2. 3° follows from 2°. 


Proof. Let Z be a closed smooth curve which lies entirely 
within the region D. Let us apply Green’s formula to the region: 
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A bounded by the curve £. Since, according to our assumption, we 
have dP / ay = 0Q] dx everywhere in the region D, therefore the 
left-hand side of Green’s formula vanishes and we have: 


| (P dx + Qdy) = 0, 
L 


which was to be proved. 
Lemma 3. 4° follows from 3°. 


Proof. Let us join the points A and B in the region D by two 
arbitrary smooth curves ZL, and L, which lie entirely within the 
region D and do not intersect one another (fig. 89). In that case the 
curve L, from A to B and the curve L, from B to A together form a 
closed curve; hence as a result of our assumptions we have 


(Ly) (Le) 
| (P dx + Qdy) + | (Pdv + Q dy) = 0, 
AB BA 
and since 
(Lo) (Le) 
[ Pu +ou)=-[Pe+ OM), 
BA AB 
therefore 
(Ly) (Lo) 
[ eatao= | Pa + Qu); 
AB AB 


this proves lemma 3 for non-intersecting curves. However, if the 
curves L, and ZL, intersect one another (fig. 90), we must join the 


yA 
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‘points A and B by a third curve L, which also lies in the the region 
D and does not intersect the curve J; or the curve £, *). It then 
‘follows from our proof that the integral along the curve LZ, will 
-coincide with the integral along the curve Z, and the integral along 
the curve Z,; hence these two integrals must coincide with one an- 
‘other and lemma 3 is proved. 


Lemma 4. 1° follows from 4°. 


Proof. Let us consider a fixed point A (x9, 79) and a variable 
“point B (x, y) in the region D, where the point B can move anywhere 
in the region D. Since we are assuming that the integral 


[ (Part Qo) 
AB 


‘is independent of the curve joining the points A and B along which 
it is taken (provided this curve is smooth and lies entirely within the 
region D), therefore, as the position of the point A is fixed, this inte- 
‘gral only depends on the position of the point B, 2.e. it is a single- 
valued function J’ (x, y) of its coordinates. We will show that at 
every point of the region 


rc 


-and hence, as a result of continuity of the functions P and Q 
dF =Pdx+Q ay, 
‘which proves lemma 4. 


Let us prove, for example, the relation dF /@x = P. Let 
.B (x, y) be an arbitrary (interior) point in the region D; if | h | is 


a 
B C 
h 
A 
=. 
0; x 
Fig. 91 Fig. 92 


*) We are assuming here, for the sake of brevity, that this curve L3 exists. 
However, this is not always so as can be seen from the case depicted in fig. 91. 
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sufficiently small, then the point C (x + A, 9) also lies in the region 
D. Let us join the points A and B by an arbitrary smooth curve: 
which lies entirely within the region D; continuing this curve to the: 
point C with the help of the straight line BC we evidently obtain the. 
(smooth) curve ABC which joins the points A and C’ and lies entirely~ 
within the region D (fig. 92). We therefore have: 


F (9) = | (Pav + 4), 
AB 


Fsthy= | Par+ Qe) = 
ABC 


=| (Pav + Qu) + [Pax + Quy, 
AB BC 
hence 
CE eee eee | (Pate & Oars | Pas. 


BC BC 


since *? 


| Ody = 0. 


J 


BC 


But it follows from the mean-value theorem that 


| Pax = 4 PED, 
BC 


where x << & <x +h. We therefore obtain: 


fF h, y) — F(x, . 
as ma SD) 2 pe gh 


and since we have €-—> « asf -—»0O and the function P is continuous: 
at the point B (x, y), therefore 


oF : 
Ox =P (x, 9) 2 


———_———$—$—$$ $e ee ; 

*) Since the curve BC is horizontal ; this can be shown formally in the same 
way as in the deduction of Green’s formula where the curvilinear integral with res-. 
pect to x along a vertical section was shown to be equal to zero. 
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the following relation is proved similarly 
oF 

ay — Q (x, y)s 
which concludes the proof of lemma 4. 


The lemmas | — 4 are evidently equivalent to the fundamental 
theorem formulated above, and its proof is thus also concluded. 


_ For exercises to § 124, cf. Problem Book by B. P. Demidovich, 
Section VIII, Nos. 300, 302, 305, 308. 


§ 125. Curvilinear integrals in space 


The concept of curvilinear integrals can be extended without 
difficulties to cases when integration is carried out along curves in 
space. In the simplest case when the given section AB of a curve in 
space can be expressed by equations of the form . 


y=olx), z= (x) (@<x <banda>x>b), 


where the functions o (x} and Uv (x) are continuous in the interval 
(a, 6}, we assume, in accordance with the definition, that 


b 
| FP (x,y, z) dx = | F {x, @ (x), v (x)] dx; 
AB a 


this implies that as in the case of plane curves 


iB (x, 9, a)dx=— | F (x, y, Z) dx. 
BA AB 


This initial definition only applies to intervals of very simple 
form but it can be extended in the same way as in plane curves. 


Assuming that the functions © (x) and U (x) have continuous 
derivatives in the interval ,(a, b) we again divide the arc AB into 
“cells” A;, which are now small arcs of a curve in space. We have 


(§ 53): 


where «;-; and x, are the abscissae of the ends of the cell A,. 
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Let us denote by « = « (x, y, z) the angle between the tangent 
to the curve AB at the point (x, 7, z)and the positive direction of the 
‘O X-axis (where the direction of the tangent is chosen in relation to 
the movement from A to B) ; we therefore have (§ 98) 


1 


Vi + 9? (x) $Y? (x) 


where we have “ + ” inthe interval A; provided x; > *;-, and 
** — * in the opposite case. By repeating the arguments used in 
§ 121 word by word for plane curves we readily arrive at the con- 
clusion that in the case of a simple interval AB the following formula 


holds : 


cos o% = 


[F (x, 9, Z)dx = | F (x,y, Z) cos a (x, 9, z) da, 
AB AB 


which is analogous to formula (6) $ 121. Here, as before, the inte- 
gra] on the right-hand side is defined constructively (as the limit of a 
sum of definite form) and also holds along an interval of more com- 
plicated form than that of the interval AB (thus it always holds when 
these intervals can be divided into a finite number of simple subinter- 
vals ; this embraces the simple closed curves ; the integral evidently 
also has a sense in the more general case when AB is an arbitrary 
smooth curve as we have shown in § 121 for plane curves). Hence 
‘we can in this case also regard the formula obtained as definition of 
the space integral on its left-hand side. In simple cases this defini- 
tion always coincides with the earlier definition. 


It is clear that all we have said above refers to integration with 
respect to the variables y and z. If P, Qand RF are three continuous 
functions of x, y and z in a region in space which contains the curve 
L = AB within itself, then similar to formula (8) § 121 we have : 


[ (Pas + Qdy + Rdz) = | (P cosa + Qcos® + Reos Y) da, 
L L 


where a, 8 and Y are the angles between the tangent to the curve L 
at the point (x, y, z) and the positive direction of the axes of coordi- 
nates; the direction of the tangent must be taken in relation to the 
chosen direction of movement along the curve L. 


Owing to the fact that physical processes connected with the 
existence of fields of force usually take place not in a plane but in 


624 A COURSE OF MATHEMATICAL ANALYSIS 


three dimensional space, therefore, it is clear why it is desirable to- 
calculate the work performed by the forces of the field in displacing 
a point along any smooth curve in space (assuming, of course, that 
the field itself acts in space or in a part of it). If the vector of the 
field at the point (x, vy, z) of the three-dimensional space is given in 
terms of its components P (x, 7, z), 2 (x, 9, 2), R (x,y, Z),wecan show 
in the same way as in § 122 where we have dealt with plane fields,. 
that the work WV” done by the field in displacing a point along the- 
curve A B is expressed by the curvilinear integral 


| Piet Cup Ree. 
AB 


Finally as in the plane case, curvilinear integrals along curves in. 
space are important in deciding whether the expression 


P (x, 9, 2) dx + Q (x, y, 2) dy + R (x, 9, 2) dz 


is differential of a function F (x, y, z) of three variables. For regions. 
in space, whose form is sufficiently simple, a proposition holds comp-: 
letely analogous to the theorem in § 124, and involving equivalence: 
of the following four propositions : 


1°’ The expression P dx + Qdy +R dz is differential of a function: 
F (x, y, Z) in the région V ; 


2°" the following equatit ..» hold everywhere in the region V 
00 dP oR 9Q aR. 


oy ax’ az ax’ oe oy” 


3°" the curvilinear integral 


[ @ar + Qdy + Rae) 
taken along any smooth closed curve uel lies entirely within the region V is: 
equal to zero ; 
4°" the curvilinear integral 


| (Pdx-+ Qdy + Rdz) 
AB 


depends only on the points A and B and not on the curve connecting these points. 
along which it 18 taken, provided this curve is smooth and lies entirely within: 
the region V. 
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In order to prove this equivalence we must prove four lemmas 
which are completely analogous to the lemmas 1—4 § 124. The 
formulation of these lemmas is quite clear and we shall not give them 
here. The reader will have no difficulty in showing that proposi- 
tions analogous to the lemmas |, 3 and 4, § 124 are proved in exactly 
the same way as before ; however, the position is somewhat different 
with the proposition analogous to lemma 2: at present we cannot 
prove that 3°’ follows from 2°’ as this is done for lemma 2 § 124, 
since we have no formula for curvilinear integrals in space analogous 
to Green’s formula for plane integrals. We cannot deduce sucha 
formula in this chapter since a new concept of surface integrals is in- 
volved which we shall introduce in the nextchapter. Weshallreturn 
to this problem later and on the basis of a formula, similar to Green’s 
formula, which applies to curvilinear integrals in space, we shall 
conclude the proof of equivalence ofthe statements 1°’— 4°’ by proving 
the remaining link in the chain of our lemmas (‘3° follows from 2°”) 
which we are unable to do here. 


For exercises to § 125 cf. Problem Book by B.P. Demidovich, 
Section VIII, Nos. 326, 328, 335. 


CHAPTER XXIX 
SURFACE INTEGRALS 


§ 126. The simplest case 


In § 121 we have defined a curvilinear integral by developing 
the concept of an integral depending on a parameter (or, in the case 
of integrals in space, on two parameters). If we begin with adouble 
‘integral depending on a parameter, a similar development will lead 
us directly to the important concept of surface integrals to which 
this chapter is devoted. 


Let us consider a surface of x‘and y in a region D (we can at 
present assume that this region D is any arbitrary measurable figure) 
which is expressed by the equation 


gz = f (x, Ds (1) 
where the function f(x,y) is continuous in the region D. Let us 
denote by S a part ofthe surface (1) projected onto the region D by 
means of straight lines parallel to the O Z-axis. Let F (x, y, 2) bea 
continuous function in a given region of the three-dimensional space 
containing the whole part S of the surface (1). If we assume that the 

number z is constant, the double integral 


Spr (x,y, Z) dx dy 


will contain z as a parameter and evidently be a function of this 
parameter. However, we can adopt a more general point of view 
and assume that zis an arbitrary function of x and y and is conti- 
yuous in the region D ; let this function be, say, the function f (x, y); 
im that case the given integral takes the form 


J) Fes a/ ail de dy, 
, 
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where the integrand is continuous in the region D so that there is no 
doubt as to the existence of the integral. Such an integral is called 
a surface integral of the function F (x, y, z) on the part S of the surface 


(1) and denoted by 
{{ F (x,y,z) dxdy; 
S 


the index S$ on the integral indicates that z must be regarded as a 
function of the variables x and y during integration and defined by 
the equation (1) of the surface, of which S$ is a part. Thus if z is 
constant in the region D (the initial part in our development), this 
implies that the surface (1), overa part of which we integrate, is a 
plane parallel to the YOY-plane and the surface integral becomes the 
usual double integral. 


Let us now assume that the function f(x, ») is continuous in 
the region D and has continuous partial derivatives in this region. 
Let us divide the part S of the given surface into smaller parts 
(‘‘cells’?) with small diameters*). The area o, of the cell with the 
‘same index can be expressed by the following integral as shown in 
§ 120: 


dx dy _ Sere 
Ai 


where A; denotes the projection of the cell o, onto the XOY-plane 
and Y is the acute angle between the normal to the given surface at 
the point [x, y, f(x, »)] and the positive direction of the OX-axis. 
In accordance with the mean-value theoren: (§ 116) we have: 


where Y, is the value of the angle Y at the point (x,, 9, Z,) of the 
cell o,. 


Let us now construct the sum 


» F (zp; Dis Zp) COS Ve» Op = ) Fla Jk ST (ies Id] Ai 
k k 


*) So as not to complicate our arguments with details which have no direct 
connection with the subject uncer consideration, wc shall always assume in future 
that these cells, and all other regions which we shall encounter, are connected figures 
bounded by relatively simple coriiours so that we can apply the concepts and results 
obtained above to all of them. 
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including all cells on the part S; since, according to our assumptions, 
F(x, », f(x, »)] is a continuous function of x and » in the region D, 
therefore the right-hand side of this equation, in accordance with the 
result of chapter 27, will tend to the following double integral as its 
limit when the above division becomes indefinitely fine: 


[| Pts 2 Fl oll dey, 
D 


which is no other than the surface integral defined above 


J] Pos 99 deo 


This surface integral can therefore be regarded as limit of the sum 


_ , F (xx; Dry Zn) 
r V/ i Se ee (Xr, x) + fy (Xk Ix) 


k 


y) F (Xn Drs Zr) COS Vi oO, = 
k 


when the division becomes indefinitely fine. But limit of the sums of 
- the form 


y ? (Xns Sk Zn) oO}, 


k 


where o;, are areas of the cells into which the part Sis divided and 
(py Vey Zp) 18 an arbitrary point in the cell o,, as considered in § 120, 
example 2, where we have agreed to call this limit as integral of the 
function 0(%*, 9, Z) over the part S of the given surface and denote it 


by 


\| (x, y, 2) do. 
S 


We therefore have in our case: 


(| F(x, y, z)dx dy = {| F(x, y, z) cos ¥ (x, 9, z) do == 
S S 


(x, ae an da 


Vue ° 
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This formula is analogous to formula (6) § 121 and plays the 
same role for surface integrals as formula (6) §12! plays in the theory 
of curvilinear integrals. Even in the simplest case which we are now 
considering it defines a surface integral constructively (since the 
right-hand side of formula (2) is obtained as the result of a construction 
and defined as limit of a sum of definite form). Further, as we shall 
soon see, formula (2), like formula (6)§ 121, serves as the basis for an 
extension of the concept of surface integrals beyond the limits of the 
simplest case which we are considering in this paragraph. 


It is self-evident.that similar definitions and relations hold 
if we integrate with respect to the pair of variables (x, z) or (, 2), 
provided the chosen part of the surface can be expressed by equations 
analogous to the equation (1). In practice one frequently meets sums 
of three integrals taken over the same part S which involve different 
pairs of variables. 

Let P(x, y, z), Qix, », z), R(x, », z) be three continuous func- 
tions in a given region ina three-dimensional space which contains the 
part S within itself. Let « = a (x, 9, z), B= (x, », Z), Y=Y(a, J, 2) 
be the angles between the normal to the given surface at the point 
(x, y, Z) on the part S and the positive direction of the OX, OY and 
OX axes respectively and let the direction of this normal be so chosen 
that the angles «, 8 and Y are acute on the part S$. It is customary 
to write the sum of the integrals 


{{ P(x, y, 2) dz + {| Q(x, y, 2) dz dx + 


+{[R@r2 dx dy 
Ss 


in the form of one integral 


{| (P dy dz + Qdz dx + R dx dy); 


if the chosen part S is such that each of the three coordinates on this 
part is a single-valued function of the other two and has continuous 
partial derivatives so that on the basis of the above discussion we 
evidently have : 


rene re ade, [[odcar= [J evade: 


S S 


[| Raxvag— [| Reos7 ae, 


§ S 
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and consequently 


{| (P dy dz + O.dz dx + Rdx dy) = 
§ 


== [ (cos a + Qcos® + Ros Y) dco. 
5 


§ 127. General definition of surface integrals 


We have found at the beginning of § 126 that the simple 
definition of the surface integral 


F(x, y, z) dx dy (1) 
{| 
AY 


essentially implies that the given surface can be represented over the 
part S by an expression of the form (1) § 126, i.e. every straight line 
parallel to the OZ-axis intersects the part S in no more than one 
point. ‘This condition is very restrictive in practice where we often 
integrate round closed surfaces which do not satisfy the above con- 
dition. We'must therefore develop the concept of a surface integral 
beyond that considered in § 126 so that it covers more complicated 
cases occurring in practice. 


A useful starting point for this development is given by formula 
(2) § 126. The middle part of this formula is, by definition, inde- 
pendent of any specific shape of the part S and remains fully valid, | 
for example, for relatively simple closed surfaces. Although in the 
simplest case the relation (2) § 126 is proved as a theorem, we can 
nevertheless regard the first equation of formula (2) § 126 as the 
definition of the integral standing on its left-hand side. We are thus 
able to define the integral (1) for every part S oa which the integral 
in the middle part of formula (2) § 126 exists. This gives us a much 
wider scope quite sufficient for many cases. 


However, in order that this definition should be unique it is 
necessary even for surfaces of a more general form to indicate exactly 
the value of the’ angle Y (x, y, z) in the middle part of formula (2) 
§ 126; assuming that Y always denotes the angle between the normal 
to the given surface and the direction of the O-axis, we must 
establish a definite direction for the normal at every point on the given 
surface (which is, of course, equivalent to the choice of the sign of 
cos Y). Inthe simplest case we have agreed always to direct the 
normal in the positive direction of the OX axis, 2.e. to make the angle 
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Y acute (cos Y > 0). This agreement appeared natural at that time 
(in fact, it is the only possible one), since cos Y has first appeared in 
our arguments as the ratio of two areas. However, it can be readily 
seen that for figures of more general form this ratio would be 


inconvenient. 


I.et us imagine, for example, that S' is the surface of a sphere. 
Then on the upper hemisphere we must take exterior points and for 
the lower hemisphere interior points on the sphere for the given 
direction of the normal; by passing through the equator the chosen 
direction would suddenly be reversed (fig. 93). It can be readily 
seen that a definition connected with this choice of direction of the 
normal will in most cases contradict the essence of the problem and 
unnecessarily complicate its solution. We shall therefore now intro- 
duce a new idea for the direction of the normal which is free from 
this disadvantage. 


In order to make this new definition more concrete let us first 
return to the case when S$ is the surface ofasphere. It is immediately 
clear and also confirmed historically that in many 
practical cases connected with integrals of the form 
(2) § 126, it would be most convenient to direct the 
normal to every point either on the exterior or the 
interior of the sphere, ?.e. to deal everywhere with an 
outward or inward normal. Let us select, say, the 
outward normal, 1.e. let us agree that Y in the integ- . 
ral (2) § 126 denotes the angle between the outward 
normal to the sphere S at the point (x, y, z) and 
the positive direction of the OZ-axis. In that case Fig. 93 
Y will be acute for points on the upper hemisphere Sj, be a right 
angle for points on the equator and an obtuse angle for points on the 


lower hemisphere S,. Therefore if {{ F dx dy and {{ I’ dx dy res- 
Si S 

pectively denote surface integrals over the “simple” parts S,; and S$, 

defined in the sense given in § 126, then, in accordance with our new 

definition of the angle Y, we have 


[| #e0s Ydo = { Fdx dy, 


Ss S4 


[{ eos Ydo = — [[ Fara 
s 


So 2 
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so that it follows from the extended definition of the surface integral 


(formula (2) § 126) that 


I) Fdxdy = Il Fcos Ydo = IJ F cos Ydo + IJ Ecos Ydo = 
ge aa a (2) 


(where we must note that both integrals on the right-hand side are 
defined in the initial sense given in § 126). Our definition of the 
angle ¥ is such that the normal at every point on the sphere is directed 
outward so that cos Y > 0 for points on the upper hemisphere and 
cos Y < 0 for point on the lower hemisphere. In accordance with 
this definition we say about the integral (2) that it extends over the 
exterior of the sphere S. We could, of course, agree to take the inward 
normal instead of the outward normal at all points on the sphere S; 
since cos Y changes its sign in the transition from the outward to the 
inward normal at every point of the surface §, therefore our two 
integrals will only differ from one another by their sign. 


The position is even simpler when the part S has the shape 
considered in § 126, t.e. when it can be expressed by an equation of 
the form (1) § 126. We have selected the normal directed upwards 
(cos Y > 0) and proved that 


[[ Fare = {| F cosy ds. 
S R) 


In accordance with our new point of view we can therefore say that 
this last integral extends over the upper part of S. On the other hand, 
if we agree to direct the normal downwards, then the integral 


{| F cosy do (3) 
iS 


will reverse its sign ; this will be an integral extending over the lower 
part of S. We thus see that the notation (3) does not tell us anything 
about the direction of the surface S over which we integrate; it must 
be stressed separately in every case. 


Let us now consider the general case. Will S be a closed 
surface (like a sphere) or have a definite contour (boundary)? We 
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have seen in the last two examples that we can usually distinguish 
between two “‘sides” of this surface. If we are given a definite side 
of a surface, we are simultaneously also given a definite direction for 
the normal. 


If a given side of the surface is chosen, then the surface integral 


| | Fdxdy, 


S 


extending over this side of the surface is, by definition, equal to the 


integral 
{| F cosy ds, 


RY 


where Y is the angle between the chosen direction of the normal 
and the positive direction of the O£-axis. 


However, if we want our definition to cover the widest possible 
class of surfaces, we must consider in somewhat greater detail what is 
meant by the two “sides” of a surface mentioned above; even in 
elementary cases this problem may cause some difficulties. 


Let us assume that the surface S in which we are interested 
(or part of this surface) has a tangential plane at every point whose 
direction changes continuously in relation to the continuous dis- 
placement of the point over the surface. We have said above that 
in order to choose a definite side of our surface it is sufficient to 
cheose a definite direction for the normal at every point. However, 
if we choose this direction at different points of the surface S$ inde- 
pendent of each other, then, in general, we shall obtain nothing 
useful, for in this case the angle Y may everywhere be a disconti- 
nuous function of the position of the point so that integrals containing 
cos Y will be devoid of meaning. ‘These formal considerations as 
well as visual representation clearly show that we can only choose 
the normal at every point on the surface so that its direction changes 
continuously as the point moves continuously over the surface ; in 
other words, it is imperative that the angle Y should be a continuous 
function of the coordinates of the point to which it refers. 


Let us now take an arbitrary point A on the surface S and 
draw a normal to the surface at this point and choose one of the two 
possible directions along this normal. We shall displace the point 
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A continuously over the surface and at every point through which 
we are passing we shall ascribe that possible direction to the nor- 
mal to the given surface which leads us to it by following a conti- 
nuous path. Let us assume that having covered some distance in 
this way we return to the point A. What will be the direction of 
the normal] at this point on arrival — will it be the same as the initial 
direction or will it be the reverse? It can be readily seen that, as 
in the two examples considered above as well as in many other 
examples which we might think of, we shall always return to the 
point 4 so that the normal has the same direction as that with which 
we began (it is assumed that our path does not intersect at the edge 
of the surface S). However, this rule does not apply to all surfaces ; 
let us consider, for example, the well-known ‘‘Moebius ribbon’’, 
whose model can be obtained by cutting in paper the rectangle 
abed (fig. 94) and, after turning it, glueing the side ad to the side bc 
so that a coincides with ¢c and d with b. It can be readily shown. 
that having selected an arbitrary point A on this ribbon and having 
described the whole ribbon as explained above we shall on our 
return to A have reversed the direction of the normal. In future 
we shall almost entirely disregard such surfaces (which are exceed- 
ingly rare in practice) and assume that irrespective of the chosen 
starting point and the continuous path over the surface by which 
we may travel as long as it does not intersect the edge of the surface, 
the normal on our return to the starting point will have the same 
direction, provided it has changed continuously in our movement 
over the surface. 


This shows that it 1s sufficient to choose the direction of the 
normal at any given point A on the surface S for it to remain 
defined uniquely at every other point on 

ad ¢ this surface. In fact, if Bis another arbi- 
trary point on the surface, then two arbi- 
trary path L, and L, from the point A to 
the point B will give us the same direction 
Fig. 94 for the normal at the point B, for otherwise 

by starting from the point B and following 

the path Z, in the opposite direction (to the point A) and then the 
path L, in the straight direction we should end at the point B with 
a normal whose direction would be opposite to that with which we 
started ; and this, in accordance with our assumption, is impossible. 


Hence for surfaces of the, type considered above the choice of 
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direction of the normal at one point on the surface defines uniquely 
its direction at all other points on this surface, z.¢. it defines uniquely 
the side of the surface; by choosing the opposite direction for the 
normal at the given point we simultaneously change its direction at 
all other points of the given surface and thus change to the other 
side of this surface. Hence surfaces of this type are known as two-sided 
(in contrast to one-sided, an example of which is the Moebius ribbon). 


After these explanations we can return to the definition of an 
integral taken over the given side of the surface. Let D be a two- 
sided surface (or a part of such a surface) where we have chosen one 
side. Let Y = Y (x, y, z) be the angle between the positive direction 
of the OZ-axis and that direction of the normal to the surface S at 
the point (x, y, z) which defines the side of the surface chosen by us; 
in accordance with our definition we can then assume that 


{| Fdxdy == {| F cosy de, 
e 


». 


where we assume that the integral on the right-hand side exists and 
is defined as limit of sums of definite form similar to those described 
in § 126. This notation tells us nothing about the side chosen on the 
surface S' and this fact must therefore be stressed separately in each 
case. If the surface S is closed, it is usual (and we shall do so in 
future) to consider that the above integral applies to the exterior of 
this surface so that Y is the angle between the outward normal to the 
surface § and the positive direction of the OZ-axis. 


It is interesting to compare this wider definition of a surface 
integral with the initial definition for the simplest case given in § 126. 
Let the surface S (as is usual in many real cases) be divided into a 
finite number of “simple”’ parts S,, 52,..., Sn, etc. each of which can 
be expressed by an equation of the type (1) § 126. In accordance 
with our wider definition the integral taken over the given side of 
the surface S is equal to the sum of the integrals taken over the same 
side of its component parts so that evidently 


n 


{| Feosy do = ¥) || Foose, 


S = 1 S; 


However, on every part S; the integral taken over the chosen side of 
the surface coincides with the integral defined in § 126, provided 
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cos Y > 0, i.e. provided the chosen side of the surface S is the upper 
side; otherwise the absolute value of these two integrals would be the 
same but their signs opposite. Hence the integral taken over the 
given side of the surface is equal to the algebraic sum of the integrals 
of its component simple parts if these integrals are defined as in 
§ 126; in this case integrals taken over upper sides of the surface S 
have the sign ‘‘ + ” and those taken over inner sides have the sign 


ce 39 
— e 


Finally all that was said above in connection with integrals of 
the variables (x, y) evidently remains valid for integrals of the pairs 
(z, x) and (y, z). For integrals taken over a definite side of a two- 
sided surface S we obtain the following general formula: 


{{ (P dy dz + Qdzdx + Rdx dy) = 
S 


= | (Pcosa + QcosB + R cosY)ds, (4) 
S 


where P, Q, R are continuous functions of x, y, z in a region in space 
which contains the surface S$ within itself and a, 8B, and Y are the 
respective angles between the positive direction of the O.Y, OY, and 
OX axes and that direction of the normal to the surface S at the point 
(x, y, Z) which defines the chosen side of this surface, 


In the remaining part of this chapter we shall assume that all 
surface integrals apply over a definite side of the given surface in 
accordance with the established definition. 


Let us now make one final remark which is intended to clarify 
possible misunderstandings. In § 120 we have defined an zntegral 


II 9 (x9, ads . 


taken over a given part S of the surface. \Ne have pointed out the analogy 
existing between this integral and the usual double integral taken 
over a part of a plane; in order to construct the integral (5) we must, 
as before, divide the part S into cells and multiply the area of each 
cell by a function ¢ at an arbitrary point in the given cell; we then 

and limit of the sum of all these products. Hence the integral 
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(5) results from the well-known construction which is typical for alk 
problems of integral calculus. 


In this paragraph we have defined the concept of a surface 
integral 


{| F(x, y, z) dx dy, (6) 
S 


taken over a definite side of the given surface S. What is the relationship 
between these two types of integrais ? This question can be clearly 
answered on the basis of the above arguments. The symbols (5) 
and (6) have a different meaning ; the integral (5) only depends on 
the part S and form of the function © but is quite independent of 
the choice of the “‘side”’ of this surface whereas the integral (6) 
changes its sign when the side chosen on the given surface is changed ; 
only after a definite side is chosen, the integral (6) has a definite 
meaning ; we can therefore say that the symbol (6) defines two 
separate integrals in relation to whether one or other side of the 
surface S' is chosen. 


For exercises to § 127, cf. Problem Book by B.P. Demidovich, 
Section VIII, Nos. 403, 405. 


§ 128. Ostrogradskij’s formula 


In § 123 we have deduced Green’s formula which is very 
important in theory and practice; this formula connects a double 
integral taken over a plane region with a curvilinear integral taken 
over the contour of this region. A corresponding and no less 
important formula covering three-dimensional space was first 
deduced by M. V. Ostrogradskij; this formula connects a triple 
integraltaken over a region in three-dimensional space with a surface 
integral taken over the exterior of the boundary of this surface. 


Let us assume that we are given the region V in three-dimen- 
sional space bounded by a closed surface S. Let us assume at first 
that the shape of this surface is the simplest possible shape for a 
closed surface ; every straight line parallel to one of the axes of co- 
ordinates intersects it at no more than two points so that S' is divided 
ino two parts — the “upper’’ and ‘“‘lower’’ parts which can respec- 
tively be expressed by the equations z = f, (x, y) and z = fy» (x,y); 
we shall assume that the functions /, and f, are continuous 
and have continuous partial derivatives with respect to x and ». 
Finally, let the function R (x, y, z) and its partial derivative 
@R/dz be defined and continuous in a region in space which 
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contains the region V within itself. Let us consider the triple 


integral 
| | ‘Ee OR dgdy-de: 
OZ 
v 


According to formula (2) § 119 we can represent it in the form 


SF xla, ae 


eer 


F 2%, ae 
avhere D denotes the projection of the region V on to the AOY-plane. 
But 
f 1%) 
oR 
ap = Roi Oi) — Ria fe IT: 
Sf 2(% J) 


therefore we obtain 
Nes dxdydz= 
V 


=|| R [x,y fi (%, 9) ) dx dy — {| R[x, 9s fa (% 9) ] dx ay. 
D D 


Let us consider the first of these two integrals. It follows from 
the definition of a surface integral that the first integral isan integral 
of the function R (x, y, z) taken over the upperside S$ , [z = fy (x, 9) ] 
of the surface S and hence also over the upper side of the surface S. 
Similarly the second integral on the right-hand side is an integral of 
the function R (x, y, z) taken over the upper side of the lower part 
S, [z =f (x, )] of the surface S$; but we know that in this case the 
same integral with its sign reversed (and in our formula it happens 
to have the ‘‘ — ” sign) will be the integral of the function R taken 
over the lower side of the surface S, which again coincides with the 
exterior of the surface S: We therefore obtain : 


R : 
ees dxdydz= [| Raxdy 4. {| Rdx dy, 
V cS 


Se 
where the first integral on the right-hand side is taken over the upper 
side of the surface S$, and the second over the flower side of the 
surface S'4; since in both cases we integrate over the exterior of the 
surface S, the sum of the integrals on the right-hand side can be 
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replaced by one integral taken over the exterior of the whole surface 
S' and we obtain the simple relation 


{{(42 dx dy dz= [| Rdxdy = ||. R cosy do: (1) 
V se S 


the second and third terms of these equations are integrals over 
the exterior of the surface S. We have deduced this relation for 
closed surfaces S which are intersected at no more than two points by 
any straight line parallel to the OZ-axis; it can, however, be shown 
that it also remains valid in much wider cases. At first we note that 
the relation (1) remains valid when the surface $ consists not only 
of S, and S, but also of the cylindrical part S* whose generating 
lines are parallel to the OZ-axis (fig. 95); in fact, at points of the 
part S* the normal to the surface evidently makes a right-angle with 
the O-axis, cos Y = 0, and we have: 


[[ Rava = || Ros ¥ de = 0, 
Ss s* 
so that as before 


[| Raxdy+ [| Raxdy = 
St 55 


= [| Raxay + [ Raxdy + [[ Raxdy = [[ Razay, 
Sy Ate S# s 


and formula (1) therefore remains valid. 


Fig. 95 Fig. 96 
We can also show that if the region VY can be divided! :1eans 
of a surface drawn within it into two parts Vy and V, to ‘ah of 
which the relation (1) applies, then this relation also applic’ to the 
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whole of the region V. In fact, we have : 


[[[SE axa dz = If EO dx dy dz + Wee dydz= 
V 


Hanis linia 
s 33 


where S, and §, respectively denote closed surfaces which are the: 
boundaries of the regions V; and V. and where each of the last two. 
integrals is taken over the exterior of the corresponding surface. But 
S, is part of the surface S and the demarcating surface S (fig. 96) 
while S» consists of the remaining part of the surface S and the same 
demarcating surface $; hence the latter sum of integrals can be 
represented as the sum of integrals over the extenor of the surface 
S and two integrals over the demarcating surface S; of these two. 
integrals one is taken over the side of the surface S which is the 
exterior for the surface S$, whereas the other integral is taken over 
the side which is the exterior of the surface So; it 1s evident that 
these are two opposite sides of the surface S, as a result of which the: 
sum of the two integrals vanishes and we obtain: 


[[ [to ex dy az = [| Raxay, 
V S 


which we wanted to establish. 

With the help of this theorem we can considerably widen the 
applications of formula (1) since most regions in space which are 
met with in practical cases can be divided by demarcating surfaces. 
into regions of simple form for which formula (1) was initially 


deduced. 


It is evident that all that is said above also refers to cases when 
the pair of the variables (x, y) is replaced by the pair of variables 
(y, Z) or (zx). IfP = P (x, 9, z), Q= Q (x, 9, 2), R = R (x, y, 2) 
are continuous functions with continuous partial derivatives in a 
region in three-dimensional space which contains the region V 
bounded by the surface S within itself, then we obtain for a wide 
class of such regions : 


IN Gs i a + oo) dedyde= 


= | (Pdyde + Qdzdx+Rdxdy), (2) 
S 
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where the integral on the right-hand side is taken on the exterior of 
the surface §. We can ape write this relation in the form 


0Q a 
INI Gs ax oo + OS) de dy de = 


= \| (P cosa + Qcos 6 + Rcos Y) de, (3) 


where «, 8 and respectively denote the angles between the outward 
normal to the surface S at the point (x,y, 3) and the OX, OY and 
OX axes. 


Formula (2) (or formula (3)) is the above mentioned Ostro- 
gradskij’s formula *). It is very important in many branches of 
physics, for it is the basis of the field theory; we shall return to this 
problem later. We shall now use Ostrogradskij’s formula in order 
to prove a theorem which is important in connection with many 
problems of physics; this theorem is analogous to the corresponding 
proposition proved in § 124 by means of Green’s formula. 


Theorem. In order that the integral 


[ | P cos a + Q cos B+ R cos 7) do 


taken over any **) closed surface S which lies within the region V should be 
equal to zeru it is necessary and sufficient that the following relation should be 
satisfied at every interior point of the region V : 


or 
— + — = 0. 4 
Ox oy a Oz (4) 
Proof. The sufficiency of the condition (4) can be seen directly 
from formula (3). In order to prove its necessity let us assume that 
at an interior point A of the region V, for example, 
+2 


a a +s 


It follows from the assumed a of the partial derivatives that 
this inequality will also be satisfied inside and on the boundary ofa 


*) This formula is sometimes also known as the Gauss formula or the Gauss- 
Ostrogradskij’s formula. 

**) We naturally have in mind a surface to which Ostrogradskij’s formula 
can be applied ; this theorem remains valid even when the class of surfaccs S$ is made 
much narrow, for example, when we are only considering spherical surfaces. 
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certain spherev with centre at A whichlies entirely within the region 
V; hence 
oP 6Q , oR 
—+ 27+ —)aadd 0. 
[{]G@+¢ se ) a de > 
v 


But formula (3) then shows that for the surface s of the sphere uv 


| | @ cosa + Qeos 8 + R cos Y) de > 0. 


A) 
This fully proves our proposition. 


‘For exercises to § 128 ¢f. Problem Book by B. P. Demidovich, 
Section VIII, Nos. 415, 416, 423, 424. 


§ 129. Stoke’s formula 


Ostrogradskij’s formula introduced in the previous paragraph 
can be regarded as an analogue to Green’s formula in transition 
from a plane to the three-dimensiortal space. We shall now deduce 
another equally important formula which involves the direct generalisa- 
tion of Green’s formula when a plane figure is replaced by a part of a 
curved surface. ‘This formula connects an integral taken over a definite 
side of a part S of the surface bounded by the closed contour Z with 
a curvilinear integral in space taken over its contour, i.e. it solves 
the same problem for acurved surface as is solved by Green’s formula 
for a plane. 


Let us first assume that the part S of the given surface is ex- 
pressed by the equation z= f(x,y); we shall make the usual assump- 
tions as to continuity and differentiability with regard to the function 
f and the functions P,Q, R which we shall introduce below. Let 
us begin by considering the curvilinear integral in space 


| P (x, 9, 2) dx, (1) 
L 


taken round the contour L of the part S and described in the direct 
way (2.e. so that to an observer moving over the upper side of the 
part S this part should always remain to the left of his path). Let 
the plane region s with contour denoted by/ represent the projection 
of the part S on to the XOY-plane; in that case the integral (1) can 
also be represented by a curvilinear integral in a plane 


| P Ix, 9S (9) dx, (2) 
l 
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taken over the contour /; in fact, let /’ be a part of the contour / ex- 
pressed by the equation 


y=o(s) (@<x <d); 
where J’ is the orthogonal projection on to the XOY-plane of a part L’ 
of the contour L which is evidently expressed by the equations 

y= (x) 2 =f lx, ¢ (*)], 


and, in accordance with the initial definition of a curvilinear integral 
we have: 


[ Pts», 2) dx = 
J, 


P {x, 2 (x), f [xs @ (x)]} dx, 


ae 


[etarstom dem [Pte Ws ts on & 
i! a 


the right-hand sides, and therefore also the left-hand sides, coincide, 
which proves our proposition for simple sections /’ and L’. Assuming 
that the contour Z (and therefore also /) can be divided into a finite 
number of such simple sections we can directly see that in this case 


[ Pisnz)dx= | Plow Gall des (3) 
L l 


this equation also holds in more general cases but we shall not stop 
here to prove it. , 


On the other hand, let us consider the integrals 


J Jay #6> IIa cos ¥ do, | 


| 
| Jae teem | Ize cone f " 
Oz Oz , ; 


taken over the upper side of the surface S, where the angle Y and 8 
are defined as usual. It follows from the formulae of § 99 that 


of 
cos 2h = — tO) 


cos ¥ = 


 a/ (2 + (4) 4 4. 
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where the sign of the denominator should be the same in both cases’; 
since we have chosen the upper side of the surface S, therefore 


cos Y > O and the positive radical must be taken ; regardless of this. 
we also have: 


Os’ 
Cos Bh = ie 
as a result of which the formula (4) give: 
“tt rap 4, oP ay. 7 
[Gao grave) = JUG; ay aa) eos 
Ss 
= ae + oP of dx a | 
|| ay 7 be 7) #9 


If we replacé z by / (x, ), the integrand in‘this last integral will evi- 
dently be equal to 


e CP (x, of (x FS 


it therefore follows from the definition of a surface integral for the 
simplest case (§ 126) that this last integral can be written in the form 
of a double integral 


Jas” [x,y f (x, y)]} dx dy, 


and we obtain: 


JIG The dy -£ wd) = Jes —{ Pix, 9, f (x.y) \} dx dy. (5) 


Comparing the formulae (3) and (5) we can see directly that, 
as a result of Green’s formula (§ 123), the right-hand sides only differ 
from one another by their sign. Hence the same also applies to the 
left-hand sides and we obtain:. 

P P 
| ( de de - dx dy) = )= | Poss, 2) de, (6) 
L 

Here the integral on the left-hand side is taken over the upper 
side of the surface S and the integral on the right-hand side isin such 
a direction that an observer moving over the upper side of S should 


have the part S on his left. Ifwe change the chosen side S and the 
direction in which we describe, the: contour L, then both sides of the 
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equation (6) will change their sign so that this equation will remain 
valid ; it can be readily seen that in this case alsoan observer standing 
on the chosen (in this case lower) side of the surface and moving 
along the contour Z in the new changed direction will have the part 
Son his left. Hence this rule is of quite general character and defines 
uniquely the direction of movement over the contour LZ provided a 
definite direction is chosen for the surface S (and vice versa). 


Formula (6), like Green’s and Ostrogradskij’s formulae, possess- 
es the property that if the part S is divided by means of a line drawn 
onit into two parts S,and S,toeach of which this formula applies, then 
this formula also remains valid for the whole parts S (the proof is 
exactly the same as for Green’s formula and we can leave it to the 
reader). With the help of this formula the validity of formula (6) 
(as for Green’s and Ostrogradskij’s formulae) can be established for 
a wide class of surfaces SS. 


The circular transposition of the letters x, y, z on the one hand 
and P, Q, R on the other gives us two more formulae besides formula 


(6) : 
II (C8 dyax— 22 dyaz) ~J a X,Y, Z) dy, 


NG dz sae ani a al (x, 9, 2) dz. 


Finally adding all three formulae we obtain the general Stoke’s formula 


[[ (G2 -SE) mero aD ace GE 28 ee 


=| (Pdx +Qdy+ Rdz), (7) 
L 


which we were trying to deduce. 


We have already said that this formula is a generalisation of 
Green’s formula :if S is a part ofthe YOY-plane, then Stoke’s formula 
becomes Green’s formula as can be readily seen ; hence the latter is 
a particular case of the former. 


Here we shall only give one of the numerous applications of 
Stoke’s formula. In § 125 we were unable to prove the following 
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lemma : 1f at every point of region V in a three-dimensional space the follow- 
ing equations hold : 


oP_0Q2 3Q_ dR @oR_ aP (8) 
ay Oe Oe. ay Tide BR 


then the curvilinear integral 


| (Pdx+ Qdy+ R dz), 
i 


taken along an arbitrary closed curve L which lies entirely within the region V 
1s equal to zero. ‘The proof of this proposition follows directly from 
Stoke’s formula provided (which we must assume) that for every 
closed curve L in the region V a surface S exists which is bounded by 
the curve Z and to which Stoke’s formula applies (in most practical 
cases these conditions are satisfied)*’. In fact, it follows from the 
condition (8) that on any closed curve L which lies entirely within 
the region V the left-hand side, and therefore also the right-hand 


side, of Stoke’s formula is equal to zero which proves the above. 
lemma. 


§ 139. Elements of the field theory 


Mechanical and physical applications of the theory of curvi- 
linear and surface integrals have a common mathematical basis 
which is usually called the field theory. Some elements of this 
theory have already been considered in the last few chapters. 
However, in mechanics and physics a more visual terminology is 
usually preferred for quite understandable reasons in order to define 
the concepts and relations of the field theory; in practice these con- 
cepts and relations are usually formulated in the vector form; this 
makes them simpler and clearer and facilitates solution of the prob- 
lems. We shall therefore briefly consider the more important 
concepts and relations in vector form and thus make them more 
accessible**), 

I. Scalar aud yector fields. Quantities involved in mechanics. 
and physics can essentially be divided into two groups: scalars, i.e. 


*) We shall mention, however, a simple case when the required surface S does. 
not exist. Let the curve L be a circle of unit radius and the region Va set of points. 
in space at distances more than 3 from the circle (the surface of such a region is- 
known as a “torus’’). In this case there is evidently no surface which wholly 
belongs to the region V and which is bounded by the circle L. 


**) We assume that the reader is familiar with the clements of vector 
algebra. 


é 
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quantities which are fully characterised by their numerical values 
(density, temperature, electrical potential) and vectors whose full 
characteristic involves direction as well as numerical value (velocity, 
acceleration, force). In physics other quantities are also used but 
their definition is even more complicated; however, we shall not 
consider them here. 


A component of a vector along an axis (a directed straight line) 
is, as we know, the projection of the vector onto this axis. We shall, 
in future, print vectors with bold-faced letters. The numerical value 
(non-negative) of the vector F is usually denoted by | F | andits com- 
ponents along the axes of coordinates by F;, F, and F respectively. 


If we have a scalar quantity F defined at every point in space 
or in a given part of it, then the set of these quantities F is known as 
the scalar field. The definition of a scalar field evidently does not 
differ in any way from the definition of a function F (x, y, z) of the 
coordinates of a point. We are given a vector field if at every point 
in space (or in a part of it) the vector F is defined (both in magni- 
tude and direction) ; in order to do this it is sufficient to determine 
the three components F,, F,, Fz of the vector F at every point. 
Hence the definition of a vector field is equivalent to defining three 
functions F', (x, y, 2), Fy (x, 9, z) and F, (x, y, z) of the coordinates 
of the points in space. 


2. Level surfaces and gradient of a scalar field. Letusassume that 
we are given a scalar field F (x, y z) in space or in a part of it; we 
shall always assume that the function F has continuous partial deriva- 
tives of the first order in the given part of space. ‘The equation 

iH (x, 9, z=, 


where C is an arbitrary constant defines in general a surface which 
we shall call level surface of the given scalar field; it is quite clear 
that one and only one level surface of the given field can pass 
through every point in space so that two different level surfaces 
cannot have common points (they cannot intersect). 

We know (§91) that the rate of change of a function F (x, y, Z) 
at the given point (x, y, z) in the given direction A is measured (in its 
absolute value and sign) by the derivative D) F of the function /’ in 
this direction; this derivative ($91) is expressed by the formula 


DiS" ee Hi Oe By ek Oe eeeap 
ox Oy Oz 


where a, @ and Y denote the respective angles between the direction 
A and the positive direction of the OX, OY and OK axes. 
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Let us now consider the scalar field F (x, y, z) together with 
the vector field G (x, », Z) which is defined by the reiations 


Gea= o> Gy= 2, Ge= Qo: 
x 
so that 


Stamaim al G2)'+ (35) + (FE) 


The vector G(x, y, z) is called gradient of the scalar field /(at the 
given point (x, y, z)) and denoted grad F. In accordance with the 
known laws of vector algebra the quantity 


DiF = G, cos « + G,cos 3 + G: cos Y 
is the projection of the vector Gin the direction A, i.e. 
DF = |G| cos(G, A), 


where (G, A) denotes the angle between the direction of the gradient 
G and the given direction A. 


If we compare, the rate of change | D) F'| of the function F in 
different directions A at a given point (x, y, z), then the last equation 
shows that this rate will reach its maximum if | cos (G,A) | = 1 ie. if 
the direction A coincides with the direction of the gradient (or is 
opposite to it). Hence the direction of the gradient at every point gives 
the direction of the maximum rate of change of the given scalar field ; this maxi- 
mum rate of change ts expressed by 


oly? ory? a Fy 
sim A/G) + G5) + Ce) 

Let us finally note that since 0F / 0x, OF / 09, fF /0z are 
proportional (§ 99) to the direction cosines of the normal to the 
surface f(x, y, Z) = Cat the point (x, 9, 2), the direction of the gradient 
coincides with the direction of the normal to the level surface which passes 
through the given point. The magnitude |G| =| grad F'| of the 
gradient is measured by the absolute value of the derivative of the 
normal to the level surface; denoting this derivative by @ F/dnwe have: 


oF 

| grad F | = |— |. 

On 

3. Divergence of a vector field and flow across a given surface. Let 

us assume that we are given in space, or in a part of it, a vector 


field F (x,y, z). In practice the following quantity is very important: 
OF; , OF Of; 
div F = -— —* “» 

ae Say! Be 
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which is known as divergence of the vector field F at the point (x, y, x). 
Divergence of the field at a given point is a scalar quantity and the 
set of its values in the part of space under consideration forms the 
scalar field. 


We shall now define a concept which is very important in 
practical applications of mechanics and physics, z.c. the concept of 
flow of a given vector field across the given surface. In order to make 
this coneept more accessible we shal] illustrate it by a hydrodynamic 
model. Let us assume that the chosen part of space is filled with a 
moving fluid ; let us take a two-sided surface S in a region in space 
which is either open or bounded by a closed contour and choose on 
this surface a definite side in the sense defined in § 127. Let do be 
an element (a very small area) of the surface S. If at a given instance 
of time the rate of flow at a point on’ the element do is expressed by 
the vetor F, then the quantity of fluid which flows across this element 
in a short time interval df in the direction of the chosen side of the 
surface will evidently be equal (with an accuracy to infinitely small 
quantities of highers orders) to the quantity of fluid contained in a 
cylinder with a base do and the height | F | dt, whose generating lines 
-are straight lines parallel to the vector F. The volume of this 
cylinder is evidently equal to | F,| dtdo, where F, is the projection of 
the vector F in the direction of the normal to the surface do corres- 
ponding to the chosen side of the surface. Hence the quantity of 
fluid which flows across the element do during the time interval di 
-can be written in the form 

oft, dt do, 

where 9 is density of the fluid and mass of the flowing fluid can be 
positive or negative according as the fluid flows in the chosen direc- 
tion (Ff, > 0) or in the opposite direction (fF, < 0). The mass of 
fluid which flows across the area do in unit time is therefore equalto: 


oF, do, 
and the mass of fluid which flows in unit time across the surface S 
-can be expressed by the surface integral 


M = | | of, do. 
5 


If we denote by «, 8, Y the angles between the chosen direction 
of the normal to the surface S and the positive direction of the axes 
of coordinates, then, in accordance with the laws of vector algebra, 


“we have: 
F, = F,cos% + F,cos 3 + F, cos ¥ 
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and the quantity M (if for the sake of simplicity we assume that ¢ is: 
constant) can be written in the form 


M=o {| (F, cos « -+ Fy cos 8 + Ff, cos Y) ds. 
5 
For reasons which are now obvious the surface integral 


ie cosa + F, cos $ + F, cos Y)do = {{ F,, do, 
S S 


taken over a definite side of the surface S' is known as flow of a vector 
field F(x, y, z) across the surface S in the direction defined by the chosen 
side of the surface. We have met integrals of this type on many occa- 
sions in the past. For example the surface integral in Ostrogradskij’s 
formula (3) (§ 128) is an integral of this type if we assume (which is, of” 
course, always possible) that P,Q and R are the components Fy, Fy, Fz 
of a vector F in the direction of the coordinate axes; if we also pay 
attention to the fact that the integrand on the left-hand side of” 
formula (3) § 128 represents in this case divergence of the vector F, 
then Ostrogradskij’s formula can be written in the from 


{ff div F dx dy dz = {| F,, do, 
V S 


which is at the same time very simple and expressive. Hence this- 
formula implies in the vector sense that flow of a vector field from: 
the interior of a closed surface is equal to the integral of divergence 
of this field in a region bounded by the given surface. Also the 
theorem proved at the end of § 128 can be stated as follows: in order 
that flow of the given vector field across an arbitrary closed surface in the given 
region V should be-equal to zero it is necessary and sufficient that divergence of ~ 
this field should be cdentically zero in this region V. 

4.  Curculation in a vector field. Vector of turbulence. Potential field. 
We will now show that Stoke’s formula (§ 129) can be given a simple 
and convenient vector interpretation. On the right-hand side of this . 
formula ((7) § 129) we have the integral 


| (Pas + Qdy + Rdg), 
L 


which, in accordance with § 125, we can represent in the form 


| (P cosa + Qcos 6 + Rceos c) da, 
L 


where a, J, c are the angles between the tangent to the curve £ and: 
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the positive directions of the coordinate axes- If we consider the 
vector field F(x, y, z) with the components 


Fy =P, Fy=Q,F2= 8, : (1) 
then the integrand evidently becomes the projection F; of the vector 


F in the direction of the tangent to the curve L at the given point 
and our integral can be written in the form 


fra 
L 


This integral is usually known as e/rcudation of the vector field F 
around a closed path L; it is evident that F; represents the projectioh 
of the vector F onto the tangent to the curve L in the direction in which 
this contour 1s described. 


Let us now consider the left-hand side formula (7) § 129. We 
know from formula (4) § 127 that this left-hand side can be written 
in the form 


Ce ee 


oe the angles a, @ and Y are defined as usual (the direction of the 
normal must, of course, correspond to the chosen side of the surface 
S which, in its turn, must coincide with the direction in which the 
contour LZ on the right-hand side of this formula is described). 
Together with the vector field F (x, », z) with components (1) let us 
now introduce another uniquely defined vector field C ‘x, y, z) whose 
component functions are 
Of, Gl*y _ OF, oF BF y OF » 
ea ame alias aan eam 
the vector C, which is very important in hydrodynamics, is known as 
vector of turbulence or rotor of the given field F and the set of its values 
as field of turbulence (with respect to the field F). The vector of 
turbulence C is frequently denoted by rot F (“rotor of the vector F’’). 
Hence the last integral can be written in the form 


[free cos % + C, cos 3 + Cz cos Y) do = {| C’,, ds, 
: S 


where G,, is the projection of the vector of turbulence C=rot F in the 
direction of the normal to the surface S corresponding to the chosen 
side of thesurface S. Hence Stoke’s formula can be written as follows : 


{| Cy ds =|F di, 
S i 
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‘where the chosen side of the surface S and the direction in which the 
contour L is described coincide in accordance with § 129. Hence 
the vector interpretation of this formula involves the fact that flow of a 
turbulent field C across the given surface S bounded by the contour L is equal to 
the circulation of the given vector field F along this contour (where the direction 
of flowand the direction in which the contour L is described coincide). 


To give an example of the general theorems of the field theory 
‘we shall state in vector terminology the lemma which we have 
‘proved at the end of § 129 by means of Stoke’s formula; if in a certain 
region V in space the vector field F is such that the corresponding field of 
turbulence does not exist (i.e. rot F = 0 at every point of the region V), 
then the circulation of the field F becomes zero around every closed curve which 
ican serve as the contour of a surface situated entirely within the region V. 
The converse theorem is also valid as can be readily seen from the 
lemmas stated at the end of § 125. 


If for the given vector field F the vector of turbulence rot F 
‘vanishes at every point of a region V in space, then this shows that in 
this region 

OMe _OFy OMe OF 2 Oly _ ahs 
oy ax ° dz ax * Oz ay 

but it follows 'from the lemmas § 125 that these conditions are 
necessary and sufficient in order that the expression 


Bo dx + Fy dy + F,dz 


‘should be differential of a function U(x, », z), ie. a function U should 
‘exist for which 


—=hk,—=F ae Ee: (2) 


If this function exists, it is known as potential or potential function of the 
field :F and the field F itself as potential field. Finally if the relations 
(2) are satisfied, the vector F evidently represents gradient of the 
scalar field defined by the function U. It therefore follows from 
above that potential field, non-iurbulent field (i.e. for which the vector of 
turbulence becomes identically zero) and gradient field (F = grad U) 
are equivalent concepts (at least for regions of sufficiently simple 
form). ‘Thus we have for any scalar field U (x, y, z) 


rot grad U = 0. 


For exercises to § 130 ¢f Problem Book by B.P. Demidovich, 
Section VIII, Nos.-436, 438, 439, 452, 468, 483. 


‘CONCLUSION 
Short historical sketch ; 
IT 


During the XVII century practical requirments connected with: 
the development of social and economical relationships which, in their 
turn, were influenced by technical progress in all fields of human. 
activity confronted mathematicians with many new problems. A group: 
of problems mainly connected with geometry and mechanics which 
became different from many earlier problems and required entirely 
new methods for solution soon became prominent. Many leading- 
thinkers of that period naturally directed their attention towards 
solution of these problems. Most of the scholars could not clearly 
tell the time when this division of new problems from the old took. 
place. However, we can now see it very clearly: the new problems 
arose in connection with the study of quantities where attention was 
centred not on the values of these quantities at a given moment of 
the process but on their character of change in the given phenomenon. 


As is usually the case in the development of new fields of 
mathematical sciences, the methods for solving these new problems 
were gradually forthcoming, generally as a result of investigation of” 
individual concrete problems ; however, their common characteristics. 
which form the basis of this scientific branch were recognised and 
explained rather slowly and could only be fully realised after many 
concrete problems were solved. At present we can clearly see that 
many problems revolved around two centres which we now call 
differentiation and integration of functions. In both cases the concept of 
function was the basis of the newly created science, 7.e. the concept 
of a quantity which changes in strict relation to changes in other 
quantities. Hence from the methodical point of view the require- 
ments for this new science to progress strictly corresponded to the 
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dialectical principles of nature study : not the momentary values of 
quantities were studied but their process of change ; on the other 
hand, quantities were studied not in isolation but in strict inter- 
dependence. Engels mentioned quite correctly somewhat later that 
motion and dialectics entered mathematics together with the variable 
quantity and became the main object of investigation. 


The main outlines of the new science, for whose development 
most of the outstanding scientists of XVII century worked, only 
became apparent about the end of the century and were expressed 
in the fundamental works by Newton and Leibnitz. These works 
are usually regarded as the origin of differential and integral 
calculus. Newton and Leibnitz, independent of each other and by 
rather different methods, developed, the basis of the new science by 
generalising earlier researches. The great value of the works of 
both scholars is rightly ascribed to the fact that they were the 
first to give deserved prominence to the relationship between in- 
tegration and differentiation of functions (§ 50) which reveals the 
mutually reciprocal character of these two basic operations of mathe- 
matical analysis and thus from that moment onwards, become 
historically, the mainspring for further development of this scientific 
branch. They also introduced infinite series which soon became an 
important investigational tool of mathematical analysis. 


li 


From XVIII century onwards differential and integral calculus 
‘began to develop rapidly and were accompanied by the creation of 
other scientific branches within mathematics itself (differential 
equations, calculus of variations and then integral equations, general 
functional analysis, etc.) and the pronounced penetration of the 
amethods of ‘‘analysis of infinitely small quantities’? into the ever- 
‘widening circle of applied sciences. We can say without exaggeration 
that during its whole course of development mathematics never knew 
an era when so much was achieved in such a short time and when 
its outlines were radicaily changed and infinitely widened. 


In the fields of differential and integral calculus mean-value 
theorems were proved which, together with the development of 
infinite series, made the expansion of functions into series, i.e. at first 
into power series possible; thus the accurate investigation of these 
series became possible. The methods of integration soon became 
well-known, new transcendental functions created by the process of 
integration were subjected to systematic investigations and a series 
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‘of important functions were defined by means of integrals depend- 
‘ing On parameters (see beginning of chapter XXVI). The laws 
-of differential and integral calculus were progressively applied to the 
‘study of functions of several variables. It is impossible to list the 
names of all leading mathematicians of this period who participated 
‘in this development. However, the names of two great scholars who 
contributed during the first stages of this new era must be noted, viz. 
Euler and Lagrange—who pointed out many new directions which 
‘proved important in the subsequent development of analysis. The St. 
Petersburg scientist Euler is not only known as the author of a series 
of special studies (‘‘Euler’s substitutions’? § 63, ‘‘Euler’s integrals” 
§ 112, theorem on homogeneous functions § 93, etc.) but also as one 
-of the creators of the theory of differential equations and calculus of 
variations: he also widend and rationalised concept of infinite series 
introduced by Newton and was the first to define a most important 
concept, wiz. analytic functions; the works of Euler contain a great 
‘variety of applied problems which he solved by means of the new 
methods. Lagrange discovered the fundamental theory of mean- 
‘value theorems and was first to use them systematically, for example 
in the evaluation of the remainder of Taylor’s series as well as in the 
‘general development of power series; they were also the first to 
‘describe the elements of calculus of variations as an independent 
branch of mathematical analysis by introducing the concept of 
‘variation and establishing rules for variations. However, the most 
outstanding contribution to the new science by Lagrange was the 
creation of “analytic mechanics” which involved systematic construc- 
tion of theoretical mechanics by means of the methods of analysis 
of infinitely small quantities. His was the first systematic work in 
this field although he based it on Euler’s works; his work was 
characterised by such finality that it retains its fundamental impor- 
tance to the present day in spite of the great subsequent developments 
an mechanics. 


Apart from mechanics and sometimes along with it the methods 
of analysis of infinitely small quantities began to penetrate rapidly 
into other branches of mathematics (geometry) and an ever-widening 
circle of applied sciences. Among the applied sciences in which the 
use of the new methods was particularly fruitful were many branches 
of mathematical physics (theory of heat, accoustics, electro-dynamics, 
theory of diffusion and many others) and the mathematical theory 
of probability (Bernoulli, Moivre, Laplace). The use of methods of 
mathematical analysis in many branches of theoretical and applied 
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sciences continued throughout the XIX century; it continues even 
today when applications of differential and integral calculus are so 
wide that every engineer must be familiar with the principles of this 
science in order to satisfy his everyday requirements By studying 
the history of the gradual conquests made by the methods of infinitely 
small quantities we can clearly see the reason behind this victorious. 
development. Itis undoubtedly due to the fact that this method 
satisfied the requirements of the dialectico-methodical theory of learn- 
ing and created a-mathematical apparatus which was‘able to embrace- 
the main outlines of many phenomena in the outside world. 


iil 


We, have thus seen that during the XVIII century results. 
achieved with the help of the. ‘method of infinitely small quantities. 
represent an impressive and unprecedented picture of wealth’; 
however, the position was quite different where the logical basis 
of this new science is concerned. ‘The structure of differential and 
integral calculus and its manifold applications went forward so- 
rapidly and with such success that no time was left for revision and. 
improvement of the theory. And here the position was very un-- 
favourable. The logical basis on which this course was constructed: 
was mainly created during the XIX century ; even the elementary: 
theory of limits which we have introduced in chapter 2 and defined: 
more accurately and developed in the subsequent two chapters in. 
order to bring it up to modern levels—even this imperfect theory: 
was quite unknown in the AVIII century. 


The situation was very peculiar at times: no fundamental 
concept of analysis was defined with any degree of accuracy ; the: 
question of what was meant by an infinitely small quantity was the: 
subject of endless discussions which were quite useless from a logical 
point of view since in most cases neither side was able to present. 
anything but vague examples which led nowhere. The position was. 
similar with the concept of continuity, differential, derivative and; 
integral. Imagine the difficulty—to teach these concepts to a man: 
who is unfamiliar with the concept of the limit — and you will 
immediately realise that you can give him nothing but descriptions. 
which cannot even be correct*. 


At present we regard the concept of derivative as the main- 
spring of differential calculus whereas differential is of secondary 


* ) We must note, however, that some leading scholars understood certain 
aspects of the new ideas in almost modern sense. 
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importance, for it is defined by the derivative.’ In the XVIII 
century, however, differential was regarded as fundamentally im: 
portant (although in the works of Newton and even more so in the 
works of Euler and Lagrange, concepts are defined more closely to 
the modern point of view). What did these scholars understand ‘by 
differential ? If » is a continuous function of x,:then as A x decreases, 
Ay also becomes infinitely small and a definite value of Ay corres- 
ponds to each value of Ax. We must imagine that at the very last 
moment before Ax and Ay vanish, these quantities assume their 
‘Jast’”? values which arc less than any of their previous values, but 
which are nevertheless not zero. These values were defined as infinitely 
small increments or as differentials of x and yand denoted by dx and dy ; 
their ratio y’=dy/dx (we can divide since dx is not yet equal to zero !) 
was known as derivative of » with respect to x. Hence, differentials 
were regarded not as variables but as constants and derivative, not as 
a limit of the ratio of variable increments but asa real ratio of two 
increments. Therefore, the general concept of an infinitely small 
quantity assumed the same characteristics :'an infinitely small quantity 
was believed to be the last stage in the decrease of a given quantity, 
i.e. a value which is less than all other values, so that after it only 
zero follows, although it is itself non-zero, 7.¢e. it is a constant which 
cannot decrease further ; therefore, such quantities were also often 
called “‘indivisibles’. Accordingly, an integral was regarded not a 
limit of sum of an indefinitely increasing number of indefinitely 
decreasing terms, but as the real sum of an indefinite number of such 
‘Sindivisibles’. For the same reason—the absence of an accurate 
concept of limiting processes—the sum of an infinite series was 
regarded as the result of a real addition of an infinite number of 
terms. It is obvious that this concept of summation of series, made it 
impossible to define convergence with any degree of accuracy; the 
irresponsible operation with series whose convergence could not be 
established, was one of the main faults of this mathematical era which 
frequently led to mistakes and paradoxical results. 


We can now clearly see that these points of view could not be 
preserved, since every attempted logical formulation revealed logical 
contradictions. However, even.mathematicians of the XVIII century, 
at least some of them, clearly understood the faults of the theore- 
tical basis on which the new science was constructed, but, unlike us, 
they were unable to replace it by something better. Works were 
published from time to time in which the currently accepted logical 
fundamentals of mathematical analysis were subjected to severe 
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criticism and sometimes even to ridicule. However, the real victories 
of this new science were so numerous and so significant that all 
doubts of this kind were unable to stop the powerful creative efforts 
of the builders of the new structure, while revision and improvement 
of the theoretical basis was left for a later period. D’ Alembert’s 
slogan: “Go forward and you will be reassured later’’ is character- 
istic of the mood of these times. 


IV 


This assurance, 1n fact, came but not until the XTX century wien 
most essential problems of Analysis and its main applications had 
time to ripen and be solved. It was now possible to slacken the pace 
and devote greater attention to the revision of fundamentals; on the 
other hand, the development of the new theory stimulated critical 
tendencies, as is frequently the case, and made the position existing 
in the logical aspects of analysis quite insufferable. 


In the twenties of the KIX century works were published 
(first to appear was Cauchy’s “Course of Analysis”) in which 
mathematical analysis was constructed on the new basis, /.e. on the 
theory of limiting process in its modern sense. Concepts like infi- 
nitely small quantities, continuity, differential and integral were al- 
ready clearly defined ; the sum of an infinite series was now treated 
as limit of its partial sums and not as a result of addition of an infi- 
nite number of terms; hence, an accurate definition of. convergence 
became possible and use of divergent series was strictly limited. 
The proof of existence of integrals was given and differential equa- 
tions were solved for the first time. As usual in such cases recons- 
truction of fundamentals cannot be ascribed to Gauchy alone; the 
time was now ripe for these new ideas which formed in the right 
direction in many leading brains of this era. Several years before 
the publication of Cauchy’s ‘Course’, the Czechoslovakian philoso- 
pher-methematician Bolzano obtained a series of results which 
anticipated many ideas found in Cauchy’s book, and also contained 
modern definitions of continuity and the firstexample of a continuous 
function without Cerivatives. Simultaneously with Cauchy, Abel 
deduced fundamental results which led to the creation of a strict 
theory of infinite series. Nevertheless, Gauchy’s ‘‘Course” is un- 
doubtedly the first work of this kind where an extensive thesis on 
analysis of infinitely small quantities based on logical considerations 
is given ; this book served for a long time as a model for other works 
devoted to the same subject. However, in the next decade, Cauchy’s 
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conceptions had to be defined rather more accurately and some 
corrections had to be made; for example, Cauchy failed to define 
the concept of uniform convergence of a series; he proved the 
theorem (which we now know to be incorrect) that the sum ofacon- 
vergent series of functions which are continuous in an interval is also 
always continuous in that interval. Also, the concept of limit whose 
denifition remained in principle unchanged to this day had to be de- 
fined more exactly; we did this in § 14, § 15 and used it subsequent- 
ly throughout this book. 


The greatest event in further historical development of the 
logical basis of mathematical analysis after Gauchy’s era can undou- 
btedly be ascribed to the advances in the general theory of real num- 
bers which evolved in the seventies of the XIX century. The necessity 
for this theory was felt as acutely at this time as the necessity for a 
clear definition of infinitely small quantities was felt at the beginning 
of that century. We have explained in chapter 4 why mathematical 
analysis can have no firm basis without the theory of continuum; we 
have given there one of the simplest methods for evolving this theory. 
In the seventies of the last century, several such theories appeared 
simultaneously ; they were all quite satisfactory, each had its own 
advantages and was equivalent to one another in the formal logical 
sense. Weierstrass, Dedekind and Canter must be mentioned in con- 
nection with these theories. 

The theory of real numbers cannot, of course, be regarded as 
part of mathematical analysis. It belongs to the theory of numbers 
and the theory of sets. However, numbers are the medium which 
originate and develop all concepts of mathematical analysis and there- 
fore a thorough theoretical basis of mathematical analysis could not 
develop until the properties of this medium were studied to the end. 
Hence, only after the theory of continuum was finally created, mathe- 
matical analysis reached its present state. 


V 


It is, of course, obvious that apart from the revision and im- 
provement of fundamentals the structure of mathematical analysis 
continued to develop as it does to the present day. During the first 
half of the XIX century the attention of scholars was strongly attrac- 
ted by integral calculus. ‘Thus integreability of elementary functions, 
new transcendental functions defined as primitives of elementary (in 
particular algebraic) functions or by means of integrals depending on 
parameters, the general theory of integrals of several dimensions 
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‘ (multiple) and— aan per problems were subjected to strict 
‘studies.’ aor cs ' 


However, from the beginning of the last century, the centre of 
gravity of scientific interests of analysts became progressively displaced 
towards higher, sections of analysis, first of all the theory of differen- 
tial equations—a problem which to this day occupies a central posi- 
tion among | analytical problems. At the end of the last century, 
another problem was added to it, wz., the theory of integral and 
integro-differential equations ; this subject became immediately 
popular‘mainly because of its numerous practical applications. Finally, 
calculus of variations which developed systematically from the begin- 
ning of the XVIII century onwards was, in the course of the last few 
decades, regarded as a particular problem of a new and important 
scientific branch, viz., functional analysis whose general development 
continues to attract more and more attention. 


Hence, if we assume that mathematical analysis covers not only 
differential and integral calculus but also the whole set of the newly: 
created higher sections of the analytical science, then the horizons of 
this science widen greatly, and it is impossible to foresee the time when 
its problems may become exhausted; history tells us that before one 
circle of problems of mathematical analysis is completely solved many 
other problems arise which demand an immediate solution. 


VI 


y 


From the XIX century onwards Russian mathematicians partici- 
pated in the ‘development of mathematical analysis—to begin with, 
individual scholars directed attention towards this field and later they 
were joined by powerful mathematical schools. The contribution by 
our scholars to this science during the XIX and the first half of the XX 
centuries is so significant that it must undoubtedly be considered sepa- 
rately, particularly since the contributions by Russian scholars in this 
field, apart from their great scientific value, are characterised by a 
special approach which differ considerably from that of foreign 
scholars. | | - : 

“It is well-known .that our great geometry specialist N. I. 
Lobachevskij. paid almost no attention to the problems of mathe-. 
matical analysis; it is therefore more significant that he expressed’ 
views: whose depth and insight beats the views held by specialists of 
this era. Thus, the: modern definition .of functional dependence 
which is usually connected with the name of Dirichlet and arose as a. 
result of the victory of:the real, concrete approach over the formalistic 
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approach (cf. § 4) was expressed several years earlier and formu- 
lated with great accuracy by Lobachevskij*; he clearly emphasizes 
that for functional dependence of y on x it is only necessary that 
a definite value of y should correspond to every value of x regardless 
of the way in which this relationship is given. And this is also the essence 
of Dirichlet’s definition. 


In this course we have met twice the name of the outstanding 
Russian mathematician M. V. Ostrogradskij. Aapart from developing 
a remarkable method for integrating rational functions (§ 61) and 
the famous formula which expresses a triple integral in a three- 
dimensional region in terms of a double integral over the surface 
of this region**, Ostrogradskij also deduced several other results 
which are of fundamental importance in integral calculus. Thus he 
was also the first to prove the formulae for transformation of vari- 
ables in multiple integrals and explain the part played in such trans- 
formations by the so-called ‘‘functional determinants”’ or ‘‘Jacobians”’ 
(thisname is derived from the surname of the German mathematician 
Jacobi who studied the properties of these determinants after they 
were discovered by Ostrogradskij; the latter unfortunately failed to 
publish them ***), 


Ostrogradskij also made important investigations in analytical 
mechanics and calculus of variations. His works (apart from the 
fields mentioned above, he was also interested in ballistics, mechanics 
of heavenly bodies, theory of probability, theory ofalgebraic functions, 
etc.) are characterised by his deep interest in applied sciences and 
his attempts to place mathematical sciences on as wide a basis as 
possible, to express all problems in the most general form and then 
solve them strictly and accurately on their own merits. 


Around the middle of the XIX century, works by ‘the greatest 
Russian analyst P.L. Chebyshev began to appear. Chebyshev 
belonged to the school of mathematicians who succeeded in working 
with equal success and interest in many branches of mathematics. 
He investigated problems of integral calculus, approximation of 
functions in terms of polynomials with interpolations of various kinds, 
theory of numbers, theory of probability and theory of mechanisms; 


* See B. V. Gnedenko, “Sketches from the History of Mathematics in Russia,” 
Gostekhizdat, 1946, p. 96. 

** M. V. Ostrogradskiy solved this problem for space of any dimensions, 7.¢., 
he established a general formula which replaced evaluation of an integral of 
multiplicity n by an integral of multiplicity (n -- 1). 

*** Tn this text we have called them “Ostrogradskij’s determinants”. 
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and almost in every field -he succeeded in developing new methods 
whose use continued for many years to be a model for his pupils and 
successors. His theories on approximation of functions in terms of 
polynomials continued to develop until at present they form a 
separate scientific branch—‘‘constructive theory of functions’. His 
works on the theory of probability have completely transformed the 
outlook of this science ; he was the first to state its general problems 
and develop methods for their solution. In the theory of numbers 
Chebyshev was the first to develop the theory of distribution of simple 
numbers into a natural series which was left at a standstill for a long 
time ; on the other hand, he laid foundations for solution of hetero- 
geneous problems in the theory of diophantine approximations ; he 
uncovered such a huge field of activity to succeeding generations that 
it has not yet been exhausted. Chebyshev’s works on the theory of 
mechanisms have not lost their importance to this day, either in 
theory or in practice. In the field of mathematical analysis in which 
we are interested Chebyshev made a ‘series of investigations in 
integreability of elementary functions which were difficult to inte- 
grate, and, in particular, he established the famous theorem on 
integreability of binomial differentials (§ 64). Chebyshev also 
published several important works on integration of rational func- 
tions, approximate evaluation of integrals, interpolation and the 
so-called “problem of moments’’, 

The scientific approach in Chebyshev’s works is mainly charac- 
trised by the tendency to solve practical problems. In his article 
“Drawing of Geographical Maps’? Chebyshev wrote: ‘The relation- 
ship between theory and practice gives the most desirable results and 
is to the advantage of both practice and theory; science itself develops 
under its influence; it reveals new subjects for investigation or new 
sides of well-known subjects”. ‘The example which best illustrates 
Chebyshev’s point of view is that he evolved the general theory of 
approximating functions in terms of ploynomials as a result of solving 
one concrete problem in the theory of mechanisnis. cwever, this 
example also describes another side of Chebyshev’s scicntific creat- 
iveness. Although strictly adhering to practical requirements, he 
never tried to solve one isolated case. On the contrary, he always 
tried to place such problems on the widest possible footing and deduce 
mathematical theories which would embrace the greatest number of 
similar problems. ‘The history of development of mathematics shows 
that solution of parctical problems is most useful for the development 
of the mathematical science as a whole. 


a) 
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Chebyshev formed the first large mathematical school in Russia 
which soon gained world-wide importance. Chebyshev’s brilliant 
pupils (Zolotariev, Liapunov, Markov and others) partly continued 
his investigations, but they also tried to conquer new fields. In 
the history of mathematical analysis and in its physical applications, 
the remarkable work of A.M. Liapunov is of the greatest importance. 
Liapunov created a. new trend in analysis which was mainly prompted 
by problems of mechanics and mathematical physics but which 
soon gained an independent mathematical meaning. The main 
objects of his investigations were equilibrium conditions of fluid 
bodies on the one hand (important in the study of heavenly bodies) 
and, on the other hand, the problems of stability and instability 
under equilibrium conditions and movement of mechanical systems. 
During this period (at the junction of the XIX and XX centuries), 
these problems were of universal interest; Liapunov also worked in 
conjunction with the famous French scientist Poincare who was also 
interested in these problems. It is interesting to note the different 
approach of these two scientists, since they are characteristic of the 
Russian school as a whole as compared to many West European 
schools. In solving physical problems, Poincare often did not permit 
strictly accurate assumptions and, realising this, he maintained that 
“you cannot require the same strictness in mechanics.as in pure 
analysis”. But Liapunov solved the same type of problems with 
absolute accuracy and said * “‘we must not use doubtful arguments 
no matter how soon they give us solution of the given problem, 
regardlesss of whether it is a problem of mechanics or physics, provid- 
ed it is stated quite definitely from the analytical point of view. It 
thus becomes a problem of pure analysis and should be treated as 
such”. It is therefore clear that because of this difference in treat- 
ment Liapunov’s results have greater finality and are more funda- 
mental in character than the achievements by the french scientist. 


Liapunov was the first to prove a very important theorem on 
closed trigonometrical orthogonal systems (§ 83). In the appli- 
cations of analysis he was the first to prove the so-called ‘‘central 
limit theorem’’ in the theory of probability which is still of great 
importance in this branch of mathematics. He carried out his 
proof with the help of a new original method whose general outlines 
were worked out much later and proved to be one of the most essen- 
tial methods in the analytical theory of probability. 


* ¢. f. Notes of thc Academy of Scicnces, Physico-mathcmatical scction, 8th 
series 1905, vol. 17, No. 38, pp. 1-32. 
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Apart from Chebyshev’s school, the scientific creativeness of 
S. V. Kovalevskaja must be mentioned. Among her works, two are 
of fundamental importance; one of them deals with the theory of 
differential equations and the other with the mechanical problem of 
movement of a solid body with a stationary point. Kovdlevskaja 
worked mostly abroad, since as a woman she could not find suitable 
conditions for her work in Imperial Russia. Nevertheless, all her 
works have the typical characteristics of the Russian mathematical 
school. She reveals the same strict concern for her subject, the great 
interest in applied sciences and the same width and generality in 
defining the problems which she solved with an absolute accuracy 
of the technico-mathematical arguments involved ; this isso character- 
istic of Chebyshev and of all his pupils that it gave the Russian 
mathematical school its peculiar monumental style which none of the 
West European schools could claim. 


The next generation of Chebyshev’s school worked partly in 
Soviet times. To this generation belong such leading representatives 
of mathematical analysis as V. A. Steklov and S. N. Bernstein who 
greatly contributed to the analytical treasury in the field of differen- 
tial equations, constructive theory of functions and in many other 
branches as well as in applied sciences, viz., mathematical physics 
and theory of probability. 


The genera growth of sciences in the USSR after the Great 
October Socialist Revolution raised the work on mathematical analysis 
both in quality and quantity to a higher level. Science, and therefore 
also mathematical sciences, now has many more workers than in pre- 
revolution days; on the other hand, the right and competent plann- 
ing of research work, scientific establishments and scientific publica- 
tions as well as thorough, planned and highly authoritative education 
of the forthcoming generation assures improved quality of scientific 
findings. The Soviet team of workers on mathematical analysis 
under the leadership of our academicians (S. N. Bernstein, M. V. 
Keldysh, N. M. Krylov, M.A Lavrentiev, I. G. Petrovskij, V. I. 
Smirnov, S. L. Sobolev) already have to their credit a long string 
of first-rate achievements. Faithful to the famous traditions of 
Russian mathematics and inspired by the desire to give all their 
strength to their country and the Soviet people, they assuredly go 
forward towards new conquests. 
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228. 

Theorem on mean values” for double 
integrals, 573. 

Transcendental function, 15. 

Trigonometrical function,-16. 

Trigonometrical polynomial, 387. 

Trigonometrical series, 377. 

Turbulent field, 652. ~ - 

Two-dimensional continuum, 403. 
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Two-sided limit of a.function, 55. 


Uniform continuity of power series, 351 

Uniform continuity series of functions, 
334. 

Uniform continuity of functions of one 
variable, 92. 

Uniform continuity of functions of two 
variables, 409. 

Uniform convergence of an integral, 
526. 

Uniform convergence of a sequence, 341. 


Variable quantity, 2. 

Variation of a function in an interval, 
208. 

Vector field, 647. 

Vector of turbulence, 651. 

Velocity of uniform movement, 101. 

Volume of a body of rotation, 250. 


Weierstrass’s theorem, 372. 


